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PREFACE 


This book is designed as an advanced text in the theoretical 
aspects of electrodynamics. As there are many excellent texts 
available in which electrostatics and magnetostatics are treated in 
great detail, these special subjects have been omitted entirely except 
insofar as they may be incidental to the study of the general electro- 
magnetic field. The relativistic attitude is adopted from the be- 
ginning, and Maxwell’s field equations are deduced on the basis of 
the emission theory. In the authors’ opinion, this is the only logical 
approach to electromagnetic theory. No attempt has been made to 
include quantum electrodynamics or any of the special results of the 
quantum theory. 

Leigh Page 

Norman Ilsley Adams, Jr. 

Yale University 
January, 1940 
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CHAPTER 1 


THREE-DIMENSIONAL VECTOR ANALYSIS 


i. Introduction. — Elementary physical quantities may be 
divided into two groups, scalars and vectors. A scalar quantity has 
magnitude alone. Thus volume, density, and mass are scalars. A 
vector on the other hand is a quantity which has both magnitude and 
direction, such as displacement, velocity, acceleration, force. A 
vector is represented by a straight line drawn in the direction of the 
vector, the sense being indicated by an 
arrowhead. In addition, the length of 
the line is made proportional to the mag- 
nitude of the vector, so that the graphical 
representation is complete. A vector P 
is illustrated in Fig. i, the end A being 
called its origin and the end B its termi- 
nus. In printing, a vector is commonly 
denoted by a letter (or letters) in black 
face type. When it is desired to indi- 
cate the magnitude only of a vector, the 
latter is placed between vertical bars, or 
in the case of a vector symbolized by a single letter, that letter 
may be printed in italics. For example the magnitude of the vector 



B 


uir dh* 

P X Q is |P X Ql and that of — is — , while the magnitude of 

P alone, is printed either as |P| or as P. The use of italics is simpler, 
of course, but it is usually feasible only in the case of single letters. 

Taking the negative of a vector reverses its sense, that is — P has 
the same magnitude as P but it points in the opposite direction. 

Multiplication of a vector by a positive scalar such as m increases 


the magnitude of the vector by the factor m without affecting its 
direction. Multiplication by the negative scalar — m increases the 
magnitude by the factor m as before, but reverses the direction of the 
vector. Evidently ( — w)P = P) = — (mP). 
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A unit vector is one whose magnitude is unity. It is often con- 
venient to express a vector as the product of its magnitude and a unit 
vector having the same direction. Thus if pi is a unit vector having 
the direction of P, P = Ppi, from which we have at once wP = mPpi 
and — rriP — — mPpi = pj). The three unit vectors, z, j, k y 

parallel to the right-handed rectangular axes X , Y, Z respectively, 
are particularly useful. 

In scalar algebra there are certain fundamental laws of combina- 
tion, namely, 

(I) the commutative law of addition, 

ci *-J- b — b -J- a y 

(II) the associative law of addition, 

{a + b) + c — a + ib + c), 

(III) the commutative law of multiplication, 

ab — bay 

(IV) the associative law of multiplication, 

(ab)c — a{bc), 

(V) the distributive law of multiplication, 

( a + b)c = ac -jr be. 

Not all of the above laws have general validity in vector analysis. 
We shall investigate their applicability in succeeding articles dealing 
with vector sums and products. 

2. Addition and Subtraction of Vectors. — The addition of two 
vectors P and Q is carried out graphically by placing the origin of Q 
at the terminus of P (Fig. 2) and constructing the closing vector R. 
This rule is based on the physical significance of the vectors. If P 
and Q are displacements, for example, the single displacement equiv- 
alent to P followed by Q obviously is R. Analytically, we write 

R = P + Q, (2-1) 

where R is the sum or resultant of P and Q. Since reversing the order 
of addition leads to the same resultant, the commutative law of addi- 
tion holds. We note that the magnitude of R is given by 

*2 = p2 + Q2 + zPQ cos a. 


(2-2) 
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To find the sum R of several vectors S, T, TJ, obtain first the sum 
of S and T and then add U, (Fig. 3). The manner in which the 
vectors are grouped is immaterial. For example 

’(S + T) + U = P + U = R 

and 

S + (T + U) « S + Q = R. 

Hence the associative law of addition is valid for vectors. 




Subtraction of Q from P is accomplished by adding — Q to P. 

The components of a vector are any vectors whose sum is the given 
vector. The components most commonly used are the three rec- 
tangular components parallel to the JV, K, Z axes, respectively. If 
P x , P z are the projections of P on the axes, its rectangular com- 

ponents are iP Xy jPy> kP z , However, for brevity, it is customary to 
refer to P x , P v , P z as the components since the subscripts indicate 
the appropriate directions. The vector P is completely determined 
by its components, for its magnitude is given by 

p2 = p* + p* + pj> ( 2 _3) 

and its direction cosines relative to XYZ by 



Inasmuch as equal vectors have equal magnitudes and the same 
directions, it follows that their rectangular components are equal 
each to each. Consider the relation P +■ Q = R. Expressed in 
terms of rectangular components this is 

l(Px + Qx ) + j(Py + Qy ) + k{P z + Qz) — iR x + jRy + kR s 
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since addition is commutative and associative. As the left-hand 
side and the right-hand side of the equation represent equal vectors, 

P x “f" Qx ~ Pxy Py “f“ Qy — Pyj Pz “1“ Qz — Rzy (l— 5) 

showing that the sums of the components equal the corresponding 
components of the sum. This result holds, of course, for any number 
of vectors. Note that any vector equation expresses, fundamentally, 
three scalar equations. 

3. Vector Representation of Surfaces. — Consider a plane surface 
of any shape such as ABC (Fig. 4). As it has a magnitude equal to its 
area and a direction specified by its normal, we may represent it by 
a vector <r. It is necessary, however, to adopt a convention to 
determine the positive side of the surface, that is, to establish the 

positive sense of the normal. If 
A ABC is part of a closed surface we 

I ( T draw the normal outward and 

there is no ambiguity. If, however, 
ABC is not part of a closed sur- 
face we can only make the positive 
sense of the normal depend on 
13 the positive sense of describing the 

Fig. 4. periphery. The relationship chosen 

is such that when the positive 
sense of describing the periphery constitutes a clockwise motion to an 
observer the positive direction of the normal is away from him, that 
is, in the direction of advance of a right-handed screw rotated in the 
sense in which the periphery is described. 

If a surface is not plane it may be divided into elements small 
enough so that each may be treated as plane. The vector represent- 
ing the entire surface is thenthe sum of these elementary vectors. 

Surfaces are equal vectorially if they are represented by equal 
vectors. Evidently there are an infinite number of surfaces corre- 
sponding to any given representative vector. 

Let us next investigate the geometrical significance of the rectan- 
gular components of a vector representing a surface. Consider a plane 
surface ABC (Fig. 5) whose representative vector cr makes an angle y 
with the Z axis. Let A'B'C' be the projection of ABC on the 
XY plane. If we divide ABC into strips whose edges are parallel to 
a plane containing the Z axis and <r, their projections on the XY plane 
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have the same width but are reduced in length by the factor cos y. 
Clearly then 

A'B'C' = ABC cost- 


But 


<r z = cr cos y = ABC cos y. 


Therefore <r s is the projection of ABC on the XY plane or, of course, 
on any plane perpendicular to the Z axis. Note that the projection 
is negative when cos y is negative. Similarly, er x and <r y are the 
projections of ABC on planes perpendicular to the X and Y axes, 
respectively. These results apply to a curved surface as well as to a 


Z 



plane one, since the curved surface may be divided into a number of 
elementary surfaces which are effectively plane. 

In the case of a closed surface the projection on any plane is zero. 
Therefore <r x — <r u = a z — o and cr = o. 

We observe that, in general, the area of a curved surface cannot 
l>e deduced from the rectangular components of its representative 
vector. However, the size of a plane surface or of a surface element 
d<y = id<r x + jd(T y + kdo z is completely determined by its com- 
ponents. 

4. Vector Product of Two Vectors. — The vector or cross product 
P X Q of two vectors P and Q (Fig. 6) is, by definition, a vector of 
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magnitude PQ sin <x in the direction of the normal to the plane deter- 
mined by P and Q. Its sense is that of advance of a right-handed 
screw rotated from the first vector to the second through the angle a. 
between them, this angle being defined as the smaller angle between 
their positive directions. It is clear from the figure that the commu- 
tative law of multiplication does not hold, but instead an anti-com- 
mutative law expressed by 

QXP= — PXQ, P X P = o. (4-1) 

The vector product is defined as above because it represents a 
quantity which often appears in physical relations. Geometrically, 
the magnitude |P X Q| = PQ sin a. gives the area of the parallelo- 
gram of which P and Q are the edges. We can make use of this fact 



Fig. 6 . Fig - 7 - 


to show that the distributive law of multiplication is valid for vector 
products. Thus, consider the prism (Fig. 7) whose edges are P, Q, 
p 4. q an d R. We know that the vector representing the total 
surface of the prism is zero. Hence, expressing this surface vector as 
the sum of the surface vectors of the faces of the prism, all with posi- 
tive normals drawn outward, 

i(p X Q) + i(Q XP)+RXQ + (P + Q)XR + RXP = o. 
This reduces at once to 

(P + Q) XR = PXR + QXR, (4-2) 

which is the desired distributive law. 

If we form cross products of the unit vectors z, j, k we see that 

iXj-fc, j X k = z, k X i = j, 
iXi=;Xj' = feXfc = o. 


( 4 - 3 ) 
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Making use of (4—3) we are able to expand the vector product 
P X Q in terms of the rectangular components of the two vectors. 
Since the distributive law holds 

P X Q = (iP, + jP y + kP z ) X iiQ x + jQ v + kQz) 

= i X iP x Q x + * X jP x Qy + i X kP x Qz 

+ j X iPyQx + j X jPyQy + j X *Pyft 

+ k X xJP.G® + & X jPzQy -b fe X fcPsfi*. 

This reduces to 

PXQ = *(PyO. - P.0y) 

+ j(PzQx P xQz) + ^(P a;£?y PyQx )• (4“ 4-) 

Expressed as a determinant this becomes 

2 j k 

P XQ= P* Py P* , (4-5) 

Qy Qz 

the cofactors of i, j> k being the corresponding components of P X Q- 

Problem 4a. Using vector methods compute the area of a triangle whose 
vertices have the rectangular coordinates (o, o, o), (5, i> 3)> (4> 5 j 4) respect- 
ively. Ans. 12.52.. 

Problem 4b. If P, Q, R represent the sides of a triangle, as in Fig. 2, and 

0/*> Oqi Qit are the opposite angles, respectively, use the vector product to 

establish the relation P : Q : R = sin dp : sin 6q : sin 6r. 

Problem 4c. Suppose that the direction cosines of the rectangular axes 
X'Y'Z' relative to the rectangular set XYZ are 4i, 42, 4i, 42, 43? 4i, 42, 

4s respectively. Show by means of (4-4) that In = hihz — 4s42, 42 = 4a4i“ 
4 i 43, 43 — 4i4a — 424 i, etc. 

5. Scalar Product of Two Vectors. — The scalar or dot product of 
two vectors P and Q, written P - Q, is a scalar quantity of magnitude 
PO cos a, where oc is the angle between P and Q, as in Fig. 6. As 
in the case of the vector product the scalar product represents a quan- 
tity of frequent occurrence in physical relations. 

From the definition of the scalar product it appears that 

Q P = P Q, P P = P 2 , (5- 1 ) 
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so that the commutative law of multiplication applies. To show 

that the distributive also holds, con- 
sider the vectors P, Q, P + Q> and 
R shown in Fig. 8. Since the scalar 
product has the magnitude of either 
vector multiplied by the projection 
of the other upon it, 

p.R _j_ Q.R = OA R-\~ AB R = OB R , 



Thus 


(P + Q)R = OB R. 

(P 4 - Q) R = P R 4 - Q R» 




which is the required relation. 

The unit vectors f, j\ k yield the scalar products 

ii = j-j = kk = i, 

ij=jk=k-i = o. 


( 5 ~ 3 ) 


With the aid of (5-2) and (5-3) we may expand P • Q in terms of rec- 
tangular components. Thus 

p. Q = (iP x + jPy + kP z ) • (iQ x + jQv + kQ z ) 

= i • iPxQx + 1 \7 xQy 4" f * kP x Q z 
4" j • *^<2* + J • JPyQv + J ' 

4- k-iPzQx 4- k jP z Q y + k kP z Q zy 

which gives . . 

P-Q = PxQx 4- P vQv 4” B z Q z . ( 5 — 4 ) 

Problem 5a. Using the scalar product deduce the relation (2-2). 

Problem 5b. If 6 is the angle between two vectors whose direction cosines 
are a ls /3i, 71; «2> /S 2 , T2 respectively, show by means of (5-4) that cos d - 

CilOtz 4" "j” TlT2 

6 . Triple Scalar Product. — This product is the scalar (P X Q) R- 
As the vector product P X Q is necessarily formed before the scalar 
product is taken, we may omit the parentheses without ambiguity 
and write simply P X Q-R. From (4-1) and (5-1) it is clear as 
regards commutation of the vectors, that 

P x Q-R = - Q X P R = R P X Q = - R Q X P. (6-1) 
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PXQ 


Let us investigate the result of interchanging the cross and the dot 
in the triple scalar product. If we 
construct a parallelopiped (Fig. 9) of 
which P, Q, R are the edges, it appears 
at once that, since P X Q gives the area 
of the base, P X Q-R is equal to the 
volume of the parallelopiped. But 
evidently Q X R • P = P • Q XR also 
is equal to the volume. Hence 

P X Q -R = P- Q X R, (6-2) 



which shows that if the order of the vectors in a triple scalar product 
is not altered the cross and the dot may be interchanged without effect. 
This procedure is often useful in evaluating these products. 

Finally, to express P X Q-R in terms of the rectangular com- 
ponents of the vectors, we have 


P X Q = i (P yQz — P zQy ) + j(PzQx PxQz) "F k(PxQy PyQx) j 


R = iR x + jR y + hR z . 


Using (5—3) it follows that 


P X Q-R = (PyQz - P 3 Qy)Rx 


+ (PzQx - 

P X 

= Q* 

R x 


P . r 
Py 
Qv 

Ry 


Qz)Ry + (PxQy ~ PyQx)Rz 


P Z 
Qz ■ 
R z 


(6-3) 


Note that the cofactors of the components of any one of the three 
vectors in this determinant are the corresponding components of the 
vector product of the other two. 

Problem 6a. Show that if three vectors are coplanar, their triple scalar 
product is zero. 

Problem 6b. A force F acting at a distance r from the origin produces a 
torque about an axis through the origin. If the direction of the axis is given 
by the unit vector ax, prove that the magnitude of the torque is r XF-ai. 
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7. Triple Vector Product. — This product is the vector (P X Q) XR. 
The parentheses indicating that the vector product P X Q is to be 
formed first, cannot be omitted as in the case of the triple scalar 
product (6-1), since (P X Q) X R and P X (Q X R) are quite differ- 
ent. In other words, the associative law of multiplication does not 
hold. We observe from (4—1), however, that commutation of the 
vectors leads to the relations 


(PXQ)XR — (QXP)XR=-RX(PXQ) 

= R X (Q X P). (7-x) 

Since P X Q is perpendicular to the plane of P and Q, while 


PXQ 



(P X Q) X R is perpendicular 
to the plane of P X Q and R, 
it is evident that the triple vec- 
tor product must lie in the 
plane of P and Q, as shown in 
Fig. 10. In order to expand 
(P X Q) X R in terms of P 
and Q let us set 

R = dP + bQ + * (P X Q), (7-2) 

where the scalars a, b y c may be 
determined by finding the com- 
ponents of R parallel and per- 
pendicular to P X Q. Substi- 
product, we have 


(P X Q) X R = *(P X Q) X P + * 0 P X Q) X Q. (7-3) 

It remains, then, to evaluate (P X Q) X P and (PXQ) X Q. 

Consider first (P X Q) X P. Since it, too, lies in the plane of 
P and Q we may write 


(P X Q) X P - mQ -f >*P. (7-4) 

Now, taking the vector product of P and (7-4), 

siPXQ = P X {(PXQ) XP), 

and, equating magnitudes of the two sides of the equation, 

mPQ sin a — P Z Q sin oc. 
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giving fyi = On the other ha.nd ? from (y 4)? 

mP - <3 + nP 2 = P- { (P X Q) X P} = o, 
giving 71 — — P-Q. Consequently 

(P X Q) X P = P 2 Q — PQP> (7 ~5) 

and similarly „ , 

(P X Q) X Q = P QQ - 0 2 P- (7-6) 

Combining these results with (7— 3 )> 

(p x Q) x R = OP 2 + bv Q)Q — («p*Q + ^ 2 2 ) p * (7-7) 

Returning to (7— 2 ) we see tbat 

“h ^P • Q = R*P> 

#P*Q + bQ^ — R*Q» 

so that (7—7) yields the final result 

(P X Q) X R = R PQ - R* QP- (7-8) 

Using (7-1) this may be written also as 

R X (P X Q) = R QP - R PQ- (7-9) 

As an application of the triple vector product consider the vector 
expression (r X a) X (b X c). Evidently we may treat (b X c) as a 
single vector and expand according to (7— may regard (r X a) 
as a single vector and expand by (7 9 ) • Thus 

(r X a) X (b X c) — b X e ra - b X car 

= r X a cb — r X ab c. 

Combining these, we find with the aid of (6—1) and (6—2), 

a b Xcr = rb Xca + r cXab +r a Xbc. 

Provided the 'scalar a b X c does not vanish, that is, a, b, c are not 
coplanar, the preceding equation may be put in the form 

r = ra'a + rb'b + rc'c, (7“ 10 ) 

, = b X c w = c x a c / * a X b 

a “ a-b X c’ abXc’ ab X c 


where 


(7-1 1) 
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Again we may start with (r X a') X (b' X c')> obtaining 
a'*V X c'r = r*V X c'a' + r e' X a'b' + r a' X b'c'. 

This reduces without difficulty to 

r = r a a' H- r b b' + r *c c' (7—12) 

since 

b' X </ _ c' X a' a' X b' . . 

a a'-b' X c' ’ a'b'Xc'’ C ~ a'b' X c' ’ (? ’ 3) 

from (7—1 1). 

Evidently a- a' = b*b' = c-c' = 1, while a-b' = a c' = b a' = 
b-c' = c-a' = c*b' = o. On account of these relations the sets of 
vectors a, b, c and a', b', c' are said to be reciprocal to each other. 
Reciprocal vectors are useful in the study of dyadics, to be under- 
taken later. Equations (7—10) and (7— 11) signify that a given vector 
may be expressed in terms of any three non-coplanar vectors, the 
respective coefficients of these vectors being the scalar products of 
the given vector and the vectors of the reciprocal set. 

Problem ?a. By expanding |rX (a X b) } X c deduce (7-12). 

8 . Transformation of Components of a Vector. — By definition 
a vector is a quantity whose properties are represented completely 
by a directed segment of a straight line. Let xq 3 jyo> z o be the coordi- 
nates of the origin and x t > yt , Zt the coordinates of the terminus of 
the linear segment representative of the vector P. Then the rec- 
tangular components P x , P y , P z of P parallel to the axes XYZ under 
consideration are given by the projections x t — xq , y t — yo and z t — z 0 
of the linear segment on the X 3 Y and Z axes. Consider a second 
set of axes X'Y'Z ' parallel respectively to XYZ but with origin at 
a different point. The projections x t ' — Xq 3 y t ' — y 0 r and z t ' — z 0 ' 
of the linear segment on the X Y* and Z r axes are equal respectively 
to its projections on the X 3 Y and Z axes. Hence the magnitudes of 
the rectangular components of a vector are unaltered by a translation of 
the axes . 

On the other hand a rotation of the axes changes the values of 
the components of a vector. Since translation has no effect on the 
magnitudes of these quantities we may take the origin of coordinates 
at the origin of the linear segment representative of the vector P 
without any loss of generality. Then the components of P parallel to 
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the axes XYZ are given simply by the coordinates x t , jy$, z t of the 
terminus of the linear segment. Relative to a second set of axes, 
X'Y'Z with the same origin as XYZ but differently oriented, the 
components of P are given by the coordinates x t ', %t of the 
terminus of the linear segment with respect to these axes. So when 
we pass from one set of axes to another differently oriented, the com- 
ponents of a vector must transform exactly as do the coordinates of 
a point. This condition is necessary in order that the components 
Px, Py i Pz parallel to X’Y'Z' shall give the same resultant vector 
as do the components P*, P y -> Pz parallel to XYZ. 

If the direction cosines of the X' axis relative to XPYZ are /n, /i2> 
/ 13 , etc., in accord with the table below, then the coordinates of a 



X 

Y 

z 

X' 

hi 


n 

Y f 

/21 

hz 

hz 

ZJ 

/31 

?32 

4a 


point transform according to the equations 


x r = l\\x + /i2jy “b 
y' — hi x + / 2 2jy “b hs z -> 
z’ — h\x + h*y + hz z > 


x — l\\x' h\y' + 4 izV 
y — l\2x’ + / 22 y + h 2 z \ 
z = l\^x’ + l2zy r + hz z ' y 


(8-1) 


and the components of a vector P transform according to the equi- 
valent equations 

Px' = h\Px + h^Py + hzPzy Px = AlP x + 4l Py + h\P z ■> 

Py — l<2,\Px “b ^22 Py ~b ^ 23 pzj P y ~ A2 Px "b ^22 Py “b ^32 Pz > [■ (8 — 1 2-) 

Pz = /31 Px "b 4 j 2 Py "b Iz’aPzi Pz ~ hzPx “b hz Py “b ^33 P» • 


Expressed as the vector sum of its components, 

p = iP x + jPy + kP z = i’PJ + j'Py' + fe'P,', (8-3) 

where i',/, k' are unit vectors parallel to the X' y Y', Z' axes respec- 
tively. In fact, we can deduce the relations (8-2) immediately 
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from (8—3) merely by expressing i, j, k in terms of i', k '. As the 

direction cosines of i relative to i',j ' 3 k' are /n, /21, /31, etc.. 


i = i'hi + f/21 + &V31, 
j = + 7*7 22 + & 7 32 , 

& = I*7i3 +7 v 43 + ^7 33 , 


( 8 - 4 ) 


and therefore 


fP* + 7*Pi/ + kPz = i'CAiP® + h%P y + 43P2) 

+/'( 4 iP* + 42P2/ + 4 3 P*) + k'(JziPx + /32P* + hzPz)» 

Comparison with (8—3) gives P x r , P/, P/ in terms of Px> Pj/J P«* 

The direction cosines /n, /12, 4 3 , etc., can be expressed as partial 
derivatives of the one set of coordinates relative to the other by 
differentiating the relations (8—1). For instance 


In - 


dx' dx 


/i 9, = 


dx' dy 


(8-5) 


As an example of the use of the transformations (8—2) let us find 
the components of the vector 

. d$ . d® d& 

V = 1— +7— + k — 
dx dy dz 

along the X\ Y', and Z ' axes. Here <I> is any scalar function of the 
coordinates. Making use of (8—5) we have 

y t _ £5 1 £5 dy , 54? dz d4> 

* dx dx' dy dx' dz dx' dx' 9 

and similar expressions hold for V y ' and V z ' . Hence 


. d& . d 3 > d& d& d& d& 

l ~te +J ~^ + k te =t ly + k 

a relation we shall find useful later. 

Again, if we take the scalar product of the vector 

r = ix + jy + kz = i'x' + j'y' -f- k'z' 

and the vector P given by (8—3) we find that 

r*P — xPx + yP v + 2 P z = x'P x ' + y'P v ' + z'P/. 


(8-6) 


( 8 - 7 ) 



SCALAR FUNCTIONS OF POSITION IN SPACE i$ 

9. Scalar Functions of Position in Space. — Many physical laws 
involve scalar functions of the coordinates, and often of the com- 
ponents of one or more constant vectors as well. Such a scalar func- 
tion of position in space associates with each point in a spacial region a 
definite scalar magnitude, the aggregate of these scalar magnitudes 
constituting a scalar field . For instance, the potential 

xA^ ~t~ yffjL ^'•^ g 

4tt(x 2 + y 2 + z 2 )** 

due to an electric or magnetic dipole of moment A located at the 
origin constitutes a function of this type. Although A is a constant 
as regards the coordinates it may, of course, be a function of the 
time. 

Consider a scalar function <1? of the coordinates and of the com- 
ponents of any number of constant vectors Ai, * • - A n . At once the 
question arises whether any arbitrary function of x> y , z, A\ XJ A\ yi 
A \ z , • • • A nx > A n .y , A nz can enter a physical law. In order to answer 
this question let us transform from the axes XYZ to a new set of 
axes X'Y'Z' with the same origin but oriented relative to XYZ in 
accord with the scheme on page 13. In general the transformation 
introduces into the function the direction cosines /n, / 12 , /13, etc., 
which determine the orientation of the new axes relative to the old. 
But the presence of these direction cosines makes the function depend 
not only on the coordinates and the components of the constant 
vectors Ai, • * • A n but also on the particular orientation given to the 
axes X'Y'Z'. Now the use of axes is merely an artifice convenient 
for the description of physical phenomena and it is certain that the 
character of a law of nature can depend in no way upon the particular 
orientation given the axes. We conclude, then, that the only scalar 
functions of the coordinates and of the components of a number of 
constant vectors which can enter physical laws are those in which the 
direction cosines defining the relative orientation of the axes do not 
appear when we pass from one set of axes to another differently 
oriented. Such a function will be called a pj'oper scalar function of 
the coordinates and of the components of the constant vectors 
Ai, • - • A n? or a scalar invariant. 

Since the direction cosines /n, /12, /13, etc., do not appear in a 
proper scalar function when we transform from the axes XYZ to 
X'Y'Z' , such a scalar is the same function of x ' 3 y' , z', A'i x > Ai yi 
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A\ zy * ■ • A r nxy A' ny:) A r nz whatever the orientation of X'Y'Z' relative 
to XYZ may be. In the particular case where X' coincides with 
X , Y f with Y, and Z' with Z, x' y y' y 2', A\ Xi A\ yy Ax zy • • • A’nx, 
Any, A' nz are identical with x, y, z, A lxy A\ yy A\ zy • • • A nxy A nyy A nz . 
Hence it follows that for any orientation of X'Y'Z ' relative to XYZ, 
a proper function <E>, when expressed in terms of the primed coordi- 
nates and primed vector components, must be the same function of 
these quantities as it is of the unprimed coordinates and unprimed 
vector components. 

For example, we find that if we transform by means of (8— i) 
and (8-2), 

/{■*■ + y + 2 } = /{ (4i + hz + hz)* r 

+ (4i + I22 + I23 )y f +■ (4i + 4s + 43)2'}. 

This function, therefore, is not a proper function, and cannot occur 
in a physical law. On the other hand 

f{ (* 2 + y 2 + 2 2 ), ( xA x + yA y -\- zA z ), (A x 2 + A 2 + A 2 ) } 

=j{W 2 +y , 2 +z' 2 ), (. x'A x ’+y'A y f +z'A z '), (A 9 ' 2 +A v ' 2 +A*)} 

is a scalar invariant and therefore a proper function of x , y , 2, A x , 
A. y , A. z . 

Evidently the arguments which can appear in a proper function 
are limited by the condition that none of them may depend upon the 
particular orientation given to the axes. Now the number of inde- 
pendent variables appearing in a function of the coordinates and 
of the components of the constant vectors Ai, • • • A n is at most 
3(72 + 1), namely, *, A lxy • • - Anx > J Y) A\ yy * A-ny-y 2, A\ Zy * Anz* 
Let us change these variables to the set 


X, y y A\ zy 3, 

r 2 , A \“ , A<% , • • • w + i> 

r-Ai, r ♦ A 2 , • ♦ • r-A n , n , 

Ai • A 2 , • • • Ai • A w , 77 — 1 , 


where r = ix -1- jy + kz. Provided appropriate conventions 
are a dopted for d etermining the signs of such radicals as 

2 = V / r 2 — x 2 — y 2 y these 3(72 + 1) variables are equivalent to the 
original group, for x y ■ y, r specify the coordinates; A\ Zy r-A l5 Ax 
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fix Ai relative to the Z axis and r; and the remaining %(n — 1) vari- 
ables fix the vectors A2, • • • A n relative to r and Ai. But the three 
variables in the first row cannot appear in a proper function, for their 
values depend upon the orientation of the axes XYZ. Consequently 
the most general proper scalar function of the coordinates and of the 
components of the n constant vectors Ai, * • • A n can be a function 
of only the 2 > n independent arguments listed in the last three rows 
of the table. These may appear explicitly, or implicitly in expres- 
sions formed from them, such as A* -Ay or r X A* -Ay. It should be 
noted that the only arguments permitted are those specifying the 
magnitudes and relative orientations of the vectors r, A 1? • • • A^. 

Problem Qa. Express A 2 *A 3 in terms of the arguments listed in the last 
three rows of the table. 


Ans. A2 'A3 = ot^otzr 1 -f- (0:2^3 + olz^2)X‘A\ + fiflzAi 1 + 


where 


a 2 m 


T'A-lAI 1 — r -A iAi-A2 


- Ai -A 2 r 2 •— r-Air-A 2 

£* = — ==2 — 3 


r^A-^ — r-Ai AA^ — r^Af 

*Y 2 = V ~A^ — Q' 2 2 /* 2 — 2o:2/32r-Ai — /3 2 2 ^fi 2 > etc. 


10. Vector Functions of Position in Space. — If each component 
of a vector is a function of the coordinates the vector is called a vector 
function of position in space. The components of such a vector may 
in addition be functions of the components of one or more constant 
vectors Aj, • • • A n . A vector function of position associates a definite 
vector with each point of a spacial region, the aggregate of these 
vectors constituting a vector field . The simplest vector function of 
the coordinates is the position vector r = ix -f- jy + kz of the point 
x,y, z relative to the origin of the axes XYZ. This function associates 
with every point a vector having the magnitude and direction of the 
line drawn from the origin to the point in question. The electric 
intensity 

^x{xAx 4" yXy ~h zXf) t A% 


47 rr" 


+4 


3y(xA x + yAy + zA z ) — r*A y 


47 rr" 


H- k 


yz(xA x -j- yA v + zA g ) — r 2 A z 
47rr 5 
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in the field due to an electric dipole of moment A located at the 
origin is a vector function of the coordinates and of the components 
of the constant vector A. 


Just as in the case of a scalar function, there are certain restric- 
tions on the arguments which may appear in the components 
of a vector function V entering a physical law. We shall 
suppose that x Xi Vw> V s are functions of the components of certain 
constant vectors Aj, • • • A. n as well as of the coordinates. Then if 
we transform to a set of axes X'Y'Z' oriented relative to XYZ in 


accord with the scheme on page 13, the components V x ' y VJ y VJ of V 
relative to the new axes will in general be functions of the direction 
cosines ^n, l 12 , 4 3, etc., as well as of y' y z' y A' lxy A\ yy A' lzy ••• 
X nxy A nyy A nz . As, however, no physical quantity can depend 
upon the particular orientation of the axes employed in its descrip- 
tion, only those vector functions can occur in physical laws whose 
components relative to X'Y'Z' , obtained by transforming from XYZ 
in accord with (8—1) and (8—2,), do not involve the direction cosines 
of the new axes relative to the old. Following the same reasoning as 
that employed in the case of a scalar function, we conclude that 
3 F/, VJ must be the same three functions of x' y' z' A\ A\ 
lz} ’ * * ^nyy X nz as V Xy V yy V. z are of x , jy, z y A\ Xy A\ y , A\ Zy 

X nxy A nyy A nzy respectively. A vector function whose compo- 
nents satisfy this condition we shall call a proper vector Junction. 

A simple example of a vector function which does not satisfy 
these conditions is the two-dimensional vector whose components 
relative to XY are V x = y y V y = x. If the X'Y' axes make an angle 
7 with the XY axes, 7 n = / 22 = cos 7 and / 12 = - / 21 - sin 7, and 
we find from (8-1) and (8-2) that 


X x ' = x' sin 27 + jy' cos 27, 

VJ = x' cos 27 — y' sin 27. 

Consequently V x and V v are not the components of a proper vector 
On the other hand* if V x = y,-V y x y then V x ' = y, VJ = - x '\ 

showing that these functions are the components of a proper two- 
dimensional vector. 

Next we shall find the most general form of a proper vector func- 
tion V of the coordinates and of the components of the constant 
vectors Ai, • • - A n . As in (8—7) we have 

XJx' + VJy* + V Z 'z' = V x x + V y y + V z z. 



VECTOR FUNCTIONS OF POSITION IN SPACE 19 


Therefore, as V is a proper vector function, the scalar product V • r is 
the same function of x r , y\ z', A' lx , A\ yi A ' XZ9 • • • as of x, y, z , 
A\ a , A i z , • • Hence it is a proper scalar function. In similar 

fashion it is shown that V-Ai and V*r X Ai are also proper scalar 
functions. 

Now, since r, Ax and r X Ai are three non-coplanar vectors, we 
can write V in the form 

V = olt + £Ai + Y r X Ai (10-1) 

as shown in article 7. Therefore 

V-r = ar 2 + / 3 r-Ai, 

V-Ai = ar-Ai + pAi 2 , 

V- r X Ai = - ■^Ta! 2 ), 

and 

Ai 2 V-r — r-AxV-Ai r 2 VAx — r-AjV-r 

rW-^Al 2 ^ = rW-^AT’ 

V • r X Ax 

y = 2 "7o — = f r 2- 

r 2 Ai — r-Ax 

Since r 2 , A-^ and r-Ax are proper scalars, it follows that a, 0 , -y must 
be proper scalar functions and therefore can contain only those inde- 
pendent arguments listed in the last three rows of the table in article 9. 
Consequently the most general proper vector function of the coordi- 
nates and of the components of the constant vectors Ax, * • - A n must 
be expressible in the form (10— 1), where the coefficients a y 0 , y are 
three proper scalar functions. 

Of course we can choose others of the constant vectors A2, - • • A n 
in place of either or both r and Ax in obtaining the most general 
expression for the proper vector V. For instance we may write 

V = Xr + m A 2 + vt X A 2 , (10—2) 

or 

V = £Ai + ^A 2 + ^Ax X A 2 , (10—3) 

where n, v and £, 77, f are proper scalar functions; but these two 
forms or any others to which we may be led are reducible to the form 
(10-1). Obviously the two constant vectors appearing in (10-3) 
must not be coll inear. 
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Finally we must consider the result of combining two proper 
vector functions P and Q of the coordinates and of the components of 
any number of constant vectors Ai, etc. It is easily shown that the 
scalar product P • Q is a proper scalar function and that the vector 
product P X Q is a proper vector function. To prove this express 
each of the two vectors both in terms of its components along XYZ 
and in terms of its components along X'Y'Z ', as in (8-3). Then, if 
the scalar product is formed. 


P*Q» + PyQy + PzQz = Px'Q* + Py'Qy + Pz'Q. (10-4) 

As P and Q are proper vector functions, P x , P y ', PJ and Q Xy Q y ', Q z ' 
are the same functions of j y', 2', A\ m A' ly , A\ zy etc., as P Xy P yy P z 
and Q X y Q v j Qz are of x y y y 2, A\ xy A\ yy A\ zy etc., respectively. There- 
fore the same is true of the two sides of (10-4), showing that the 
scalar product is a proper scalar function. 

Forming the vector product of P and Q, 


KPyQz - PzQy) + KP Z Q X - PxQz) + h(P x Q y - P y Q x ) 

= i'(Py'Qz' - PzQy') + j'(PzQx - PxQz) + k'(P x 'Qy' 


Py'Qx ')- 


Hence, as P and Q are proper vectors, P V 'Q . / — P z 'Q y ' is the same 
function of the primed quantities as P y Q z — P z Q y is of the unprimed 
quantities, and the same statement holds for the other corresponding 
components. Thus the vector product is a proper vector function. 


Problem 10a. Reduce the two-dimensional vector V x — _y, V y — — to 
the form (10-1). Am. V — r X k. 

Problem job . Reduce Ai X A2 to the form (10-1). 


Am. 


oc — 


^•Ai X A2 
r^A-p — ri-Ai 


2 > 


0 =- 


r -Air-Ai X A 2 
PAJ - r-Ai 2 


r -AiAi-Ag — r-A2^/i 2 

PAS — r-Ai 2 

Problem ioc. What is the most general vector function of position in 
space the components of which are not functions of the components of any 
constant vectors? Am. J(r) r. 

Problem lod. Express the vector function representing the electric intens- 
ity in the field of an electric dipole of moment A in the form (10-1). 


3 r 'A 1 

— — 

47Tp 47Tp 


Ans. 
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11. Differentiation and Integration of a Vector. — Consider a 
point P whose position vector referred to the origin of a set of fixed 
axes is 

r = ve + jy + kz , 


and whose coordinates x, y , z are functions of a parameter t. As t 
varies, P moves along some curved path such as that shown in Fig. 1 1. 


Z 



Y 


Fig. 11. 


Let Pi and P2 be two successive positions of P , corresponding to a 
change At in L Then the displacement of P in the interval At is 

r 2 — Ti — At = iAx + jAy + kAz. 


The direction of this vector element approaches that of the tangent 
to the curve as P 2 is made to approach Pi. Hence, dividing by At 
and passing to the limit, the derivative of r with respect to namely. 


dr 

dt 


. dx . dy dz 

1 Jt +J d7 + k 7t 


(il-l) 


is a vector having at every point along the curve the direction of the 
tangent to the curve. 

Proceeding in the same way we obtain the second derivative 


d 2 r ,d 2 x , ,d 2 y t d 2 z 
dt 2 ~ l dt 2 +J dt 2 + dt 2 ’ 


(11-a) 


and so on. 
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Usually the moving point P discussed above is a point in space 
and t represents the time, in which case (n— i) gives the velocity v 
of the point, and (u— 2) gives its acceleration f = dv/dt. 

In dealing with vector derivatives it is necessary to distinguish 
carefully between the derivative of the magnitude of a vector and the 
magnitude of the derivative of the vector. Thus, 


d_ 

dt 

is not the same as 


r = 




dx I _ 1/ dx\ 2 / dy\ 2 / dz \ 2 
dt\ ^ \dt ) \dt ) \dt) 3 


and there is a similar distinction in the case of the second derivative. 

Proceeding in the same way we see that the derivative of any 
vector function Q with respect to a parameter t is given by 


_ . dQ x dQ y dQ z 
dt ~ dt 3 dt ^ dt ' 


(11-3) 


Next consider the differentation of products involving vectors. 
Evidently 


d_ 

dt 


(mQ) — m 


dQ 

dt 


, m constant. 


d_ 

dt 


(rnQ) 



Q constant. 


(1 1-4) 


since mQ is a vector whose rectangular components are mQ x , mQ y 
and mQ z . On the other hand if m and Q both are functions of 


^ (mQ) = z— (mQ x ) ~ (mQ y ) + k - (mQ z ) 


= (*Qx + jQ y + kQ z ) -f- m 



+ k 


dt J 
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Expanding, differentiating and collecting terms in the same manner, 
we find that 


and 


d dJ? dQ 

7/ ( p -Q) = ^-Q+P-^, 


(ix-6) 


J(PxQ } =f xQ + p xf 


(ii“7) 


Thus differentiation of products of vectors proceeds according to the 
same rules as differentiation of products of scalars. In (11— 7) the 
order of the vectors must not be altered, of course, without proper 
change of sign. 

The derivative of a vector of constant magnitude but variable 
direction has a direction perpendicular to that of the vector itself. 
As an example of this, return to the case of the point P moving along 
the curved path (Fig. 11) with velocity v = drjdt. If d\ represents 
an element of distance measured along the curve and ti is a unit 
vector tangent to the curve at P we may write 

d\ 

v = — ti = oti. (1 1—8) 

Here ti has the constant magnitude unity, but varies in direction as 
P moves along the curve. Then 


f 

dt 


dv dti 

h tl + v T t 


The change inti as P moves from P\ to P2 is shown in Fig. 12, where 
p is the radius of curvature. Evidently the direction of Ati is toward 
the center of curvature C. From similar triangles its magnitude is 
P> since | ti | = | ti + Ati | = 1. dhus, if pi is a unit vector 
directed toward the center of curvature, Ati == (A\/p)pi. Dividing 
by A t and passing to the limit 


so that 


dt 1 1 d\ v 

dt ~ p dt Pl ~ p Pl5 


f 




P 


(11-9) 
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The second term on the right of (i 1—9) is the well-known centripetal 
acceleration . 



Fig. 12. 


Finally, if a vector is a function of several variables such as 
y, its partial derivatives with respect to these variables have the 
same significance as in the case of a scalar function, being calculated 
in each instance with all independent variables except the one in 
question held constant. 

Vector integration is the inverse of differentiation as in scalar 
analysis. . It is usually performed by expressing the vector or vectors 
involved in terms of their components, and, as in the scalar case, it 
may be regarded as a process of summation. Thus, consider the 
integral of V through the volume r, 


Now 


Jvd-r = if V x d-r +jf Vydr + kf V z d-r. ( 11 - 10 ) 

f V*dr = 


where V^i is the value of V x in the ith element of volume At* and the 
summation is taken over all elements of volume in r. There are 

similar expressions for / V. ydr and / Vzdr. Hence 

Wr = iZV xi A Ti -b Vyi&n + kHy zi ATi 

% 1 i 

= + jV yi + kV zi )ATi 

z 

= 2v*At*. 


/■ 
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Problem 11a. Show that 

^XQ-R)=fxQ.R+Pxf 

Problem 11b. Show that 
|{(PXQ)XR} = 


R+P X Q 


JR 

dt 


f 


Xq)xR+(px XR+(PXQ)Xj 

Problem 11c . If d\ is an element of a closed curve in space show that 



^ = o, where^^ indicates integration completely around the curve. 

12. The Gradient. — Let (at, y , 2 ) be a proper scalar function of 
the coordinates, according to the definition given in article 9. If C 
is a constant, 

$>(x>y 3 z) = C (12-1) 

represents a surface at every point of which the function has the 
value C. By assigning to C a succession of values we obtain a family 
of equi-valued surfaces. Confining ourselves to single-valued func- 
tions, it is clear that no two of these surfaces can intersect. 

Now let us investigate the change in <I> as we move from the 
point Pi(x, jy, z) on the equi-valued surface C to any nearby point 
~b dx, y + dy , 2 + dz), which may be on the surface C, or not, 
as we choose. If the distance from Pi to P 2 is d\, the displacement 
involved can be represented by d\ = i dx + j dy + k dz. The 
change in <I> is, then, 


where F is defined by 


d® , d<f? , d< f> 

dx + — dy + — dz = F • dX 
dx dy dz 

(12-2) 

. d<$> . d$> d& 

F = 2 — — h j [- k 

dx dy dz 

(12-3) 


In article 8 it is shown that changing from the axes XYZ to a 
new set X'Y'Z' gives 


„ . d<I> dfc d<f> 

F — l b J — b k 


dx 


Qy 


dz 


d<I> dd> d$ 
~r , +7 ~t~, 4 - k — ■ 

dx dy dz 


Now, since is the same function of x f , y', z' and the components 
X x A y ' , A z , etc., of any constant vectors involved, as it is of x, y, z. 
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A Xy Ay. , etc., each component of F, referred to X'Y'Z\ is the same 
function of a:', y\ z', A x r > Ay , AJ , etc., as it is of x , jy, z, A y , ^ z , etc., 

when referred to XYZ. Hence F is a proper vector function. 

We see that the vector F has the 
direction of the normal to C at the 
point Pi. For suppose P2 lies in C, so 
that d\ is tangent to the surface. Then 
d& = F -d\ = o, showing that F is 
perpendicular to d\ , whatever orienta- 
tion the latter may have in the tangent 
plane. To determine the magnitude of 
F, on the other hand, choose P2 in 
such a way (Fig. 13) that d\ makes the 
angle 6 with the normal to C, that is, with F. Then — T?‘d\ = 
F cos 6 d\, giving 

d3> 

F cos 6 = — • (12-4) 

o A 



Thus, the component of F in any direction equals the space rate of 
increase of in that direction. If 6 — o, so that d\ becomes an 
element dn of the normal, we have 


F = 


35 > 
dn ’ 


(12-5) 


the maximum space rate of increase of <£>. 

Because F coincides with the maximum space rate of increase of 
3>, both in direction and in magnitude, it is called the gradient of <I>. 
The gradient is particularly important in the study of static electric 
and magnetic fields. 

The gradient of & is usually symbolized by V<l>, where V (read del) 
is an operator defined from (12—3) as 


V = 




(12-6) 


On changing axes the form of this operator remains unchanged as 
shown in (8-6), that is, 


V' 


dx 


7 +/ 


d 

dy f 



Hence we may call V a proper vector operator. 


(12-^7) 
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Evidently we may write (12-4) in the form 


Xi • V3? — 


d\ 9 


(12-8) 


where X.i is a unit vector in the direction of d\. Similarly (12—5) 
becomes 

where n.i is a unit vector along the normal. 

Problem 12a. Find the gradient of 3> = A/'sfx? +/ fz 2 where A is 
a constant. 


Ans. 


V$> = — 


A_ 

(a? 2 + y 2 + z 2 )' % 


(ix + Jy + *2). 


13* The Divergence. — Since the operator V defined in the pre- 
ceding article has the formal properties of a vector we may form its 
product with any vector according to the usual rules. Let 


y> z ) = z) -\- jV v {x, y } z) + kJ^ s (x y y y z) 

be a proper vector function of the coordinates. If we form the 
scalar product 


V-V 


w* aVy dK 

dx dy dz 


(I3-I) 


we obtain a proper scalar function called the divergence of V. That 
it is a proper scalar follows from the fact that on changing to a new 
set of axes. 


V-V = 


dV x ' dVJ_ , d£V 

dx' + dy' + dz' 


(13-2) 


by (12—7) and (8—3). Then, since V x ' y V V z are the same functions, 
respectively, of x' y y' y z' and the components A x ' y A v ' y A z ' y etc., of any 
constant vectors involved, as V xy V y , V z are of *,_y, 2, A x , A y , A z , etc., 
(13-2) is the same function of the primed quantities as (13-1) is of 
the unprimed quantities. 
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The physical significance of the divergence is best understood by 
considering a common case in which V = pv represents the current 

per unit cross-section of some material of 
density p moving through space with veloc- 
ity v. For example, take p to be density of 
electric charge, so that pv is electric current 
per unit area. Now let us calculate the 
rate at which charge passes out of a small 
volume At — AxAyAz (Fig. 14). Consider 
first the two faces perpendicular to the 
X axis. As the outward flux through the 

left-hand face is — pv x AyAz, and that through the right-hand face is 

* 

pVx + (pt>x)A>vJ AyAz, 

the net outward flux through this pair of faces is 

9 1 d 

H — pv x + pv x + ~ (pv x )AxtAyAz = — (pvf) AxAyAz. 



7 

Azj 

1 


/Ax Ay 

£ 

7 


Fig. 14. 


Calculating the outward flux through the other two pairs of faces 
and adding, the total outward flux is 

AxAyAz = V • AxAyAz. (13-3) 


d d d 

— (pV X ) + — ( PVy ) + — ( PV Z ) 

. dx by bz 




We see then that V • pv represents the rate per unit volume at which 
charge diverges from the region At. 

Assuming that charge is indestructible, (13-3) must be exactly 


equal to the rate of diminution of charge in At, namely, 
Thus 

dp 

V • pv + — = °, 

ot 


bp 

bt 


AxAyAz. 


( 13 - 4 ) 


a relation, known as the equation of continuity , which is inherent in 
Maxwell’s electromagnetic equations. The bar or vinculum over the 
product pv indicates that V as a differential operator acts on both 
P and v. 

As implied in the preceding paragraph it is necessary to specify 
the quantities which are to be differentiated when more than one 
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function of the coordinates follows the operator V. If no vinculum 
(or parentheses) appears in such a case we shall understand that V 
acts differentially only on the quantity immediately following it. 
If a vinculum does appear, on the other hand, all quantities under it 
are to be differentiated after the vector expansion has been per- 
formed. Thus 


V ■ pv = v* Vp = 

V • vp = pV • v = 
while, as in (13-4), 

d 


dp dp dp 

T“ 4- v s — , 

dx dy dz 

( dv* , dv y dt/A 

P \d.v dy dz J 9 


v- pv= — (, pv x ) + — ( pv y ) + — - (po«) = v-Vp + pV-v. 
d# dy dz 


Similarly in evaluating expressions such as V-P X Q or V-PQ 
on ly deri vativ es o f P x , Pj, and P z are taken, while in the case of 
V *P X Q or V -PQ, the components of both P and Q are differentiated. 

Problem ija . Show by actual transformation that on changing axes 

dv* dVy dK = dv x ' dv_i ar/ m 

dx dy dz dx' dy' dz' 

Problem 13b. Find the equation of continuity for an incompressible fluid. 

Ans . V-v = o. 


Problem 13c. Show that V-PXQ = V-PXQ — V-QXP. 


Problem 13d. Show that V-PQ = QV-P -f- P-VQ. 


14. The Curl. — If V (at, y 3 z) is a proper vector function of the 
coordinates we may form the vector product of V and V so as to obtain 
another proper vector function known as the curl or rotation of V. 
This is 


V X V 




— ) + k 
dx / \ dx 



i j k 

j)_ _d_ d_ 

dx dy dz 

v x v t 


(14-1) 
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It is seen at once that this is a proper vector function, for, trans- 
forming to a new set of axes as in the case of (13— i) and (13—2), the 
form of V X V remains the same. So each of its components, when 

referred to the axes X'Y' Z r , is the same func- 
tion of all primed quantities as it is of the cor- 
responding unprimed quantities when referred 
to XYZ. 

The designation rotation is due to an appli- 
cation of (14— 1 ) to mechanics. Suppose a 
rigid body rotates with angular velocity co 
about a fixed point O (Fig. 15) which we will 
take as origin of a set of rectangular axes. 
The linear velocity of any point P having a 
v = coXp = coX(r — a) = co X r. Taking 



-P 


position vector r is 
the curl of both sides of this equation 


VXv = VX(<oXr) = V ■ rco — V • cor 


(14-2) 



V X v = coV ♦ r 

— co-Vr. 

Now 

( dx 

, dj y 


coV • r — co l — 

+ zr + 


\dx 

dy 

and 




from (7—9), where the vinculum indicates, as in the preceding article, 
that V acts differentially on both following vectors. However, in 
this case co is not a function of the coordinates so that (14—2.) reduces to 


dz\ 

~dz) 


_ dr , dr dr 

— "x " * -fry ~ Zcj X H~ Ju>y + hco z = CO, 

so that, finally, 

VXv = 3 »-o = 2 co. ( 14 - 3 ) 

Thus, the curl or rotation of the linear velocity is twice the angular 
velocity. 

Problem 14a. Show by actual transformation that 

(dK_ £*Vv +J (dr. _ 9K\ (bV v _ bV x \ 

\dy bz ) + 3 \ bz bx ) + * \ bx b y ) 


dy dz / ■ ' \ dz dx J 1 " \ dx dy 

_ t (2% - + r (*ZL - + w (wj _ 

\ by bz' ) \ bz' bx' ) + \ bx' by' ) 
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Problem 14b . Establish the identity V X (P X Q) = V- QP — V*PQ 
by actual expansion. 


15. Successive Applications of V. — It is possible to form scalar 
and vector products in which the operator V appears more than once. 
For example, the divergence of the gradient of a proper scalar func- 
tion is 


_ /.a® .a* , . d4>\ a 2 # , a 2 * , a 2 $ 

\ dx dy dz / dx 2 dy 2 dz 2 ** 


As the same result is obtained by allowing the scalar product 


V-V 




(15- 2 ) 


to act on <3? as an operator, we may think of V -V, which is called the 
Laplacian , as a proper scalar operator. This allows us to write 


V • VV 


0 2 V d 2 V d 2 V 

dx 2 dy 2 dz 2 5 


(! 5 - 3 ) 


an expression which appears in the analysis of wave motion. 
Proceeding in a similar manner the curl of V<E> is 


V X = V X 


(i— + ■ — 
\ dx ^ dy 



o. 


( 15 - 4 ) 


As before the result may be obtained by regarding V X V as an opera- 
tor. Since the vector product of any vector by itself vanishes, we 
have V X V<$ = o at once. 

A proper vector function of position in space whose curl vanishes 
in a region r is said to be irrotational in that region. Evidently the 
gradient of any proper scalar function is an irrotational vector. 

Again, we may take the divergence of the curl of any proper vector 
function V. Thus 

v-v xv = vxv-v = o, (15-5) 


since the dot and cross may be interchanged in a triple scalar product. 

A proper vector function whose divergence vanishes in a region r 
is said to be solenoidal in that region. Thus the curl of any proper 
vector function is a solenoidal vector. 

Finally, there remains to be considered the curl of the curl of V. 
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As this is a triple vector product it may be expanded in the usual 
manner and we have 

V X (V X V) = VV-V — V-VV. (15-6) 

The left-hand side of this equation is usually written V X V X V 
without parentheses, since (V X V) X V, with which it might be 
confused, is identically zero and has no importance. 

Products in which V appears more than twice require discussion 
only to the extent of pointing out that, since the order in which 
partial derivatives are taken is immaterial, V and V • V are commuta- 
tive. Thus 

V (V • V <$) = V-V(V 3>), 

v-(v-vv) = v-v(v-v), (15-7) 

V X (V-VV) = V-V(V X V). 

The parentheses have been retained for the sake of clarity, although 
they are not essential as no real ambiguity can arise through their 
omission. 


Problem 15a. Establish the identities (15 — 5) and (15—6) by actual 
expansion. 



Fig. 1 6. 


16. Line and Surface Integrals. Let V be a proper vector func- 
tion of the coordinates. The integral of the tangential component of 
V along any curve X (Fig. 16) is called the line integral of V. Thus, 

if d\ = i dx -h j dy + k dz is a vector element of the curve, the line 
integral of V from A to B is 



B 

V-d\ 



{V, x dx V y dy + V z dz). 


C 1 6 1 ) 
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The path of integration may, of course, be a closed curve, in which 
case the line integral, written as <j> V‘d\, becomes a loop integral . 

In general, the value of the line integral depends not only on the 
end points A and B but also on the exact path followed in the integra- 
tion, and in the case of a closed path / v •d\ does not vanish. 
However, if V is the gradient of some scalar function <£, so that 


then 


d<3> d<£ 

y„ = — V = — 
ox dy 


K = 


dz 


/** f B (^ j , d# _ , d3> _ \ 

/ V • d\ = / ( H dy H dz ) 

./a \ d* dy dz / 


=/ 




(16-2) 


In this case the value of the line integral depends on the end points 
alone, and, provided <£ is single-valued. 


/ 


V -d\ — o. 


Conversely, suppose the line integral 
of V around every closed path vanishes. 
Then for any path ACBD (Fig, 17) 


/ Vd\ = / V -d\ + / V 
A acb Arda 


d\ 



Fig. 17. 


= / V d\ - f V d\ = o, 
A acb Aadb 


and 

f V-d\ = / V- 

A a an A adb 


d\. 


acb -'adb 

Since the integral from A to B is independent of the path it can depend 
only on the end points and we must have 

.b 

V • d\ = — <T\ 4 = / d<b, (16-4) 


I, 


I',i = f d<\\ 

•A A 
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where 3? is some single-valued function of the coordinates. Further- 
more, as d$ = (V4?)*<iX., this reduces to 

B 

(V - V$)-^X = o. (16-5) 

Now, as the points A and B are arbitrary, the line integral of (V — V3>) 
must vanish for every possible path, even for one of infinitesimal 
length. Hence (16-5) can be true only if (V — V3>) itself vanishes 
everywhere. Thus 

V = V3>, (16-6) 

which shows that when the line integral of V around every closed path 
is zero, V must be the gradient of some scalar function. 

A common line integral is the electromotive force 

& = f Ed\ y 

A A 



which is the work done by an electric field E on a unit positive charge 
moving through the field from A to B. In general the electro- 
motive force depends on the path 
chosen, but, if the field is electro- 
static, E is the gradient of a scalar 
potential and S is then equal to 
the potential difference of the end 
points, regardless of the path 
followed. 

Next let us consider the in- 
tegral of the normal component 
of a proper vector function V 
over a surface <r (Fig. 18). This 
is known as the surface integral 
Thus, if dcr — id(T x + jdcr y + kd<r z is a vector element of the 
surface (Art. 3), the surface integral of V over a is 

Jptdv = jf (JA xd<r x -f- V yd(j v + V z d<rf). (16—7) 

The foregoing integral is also called the flux of V through the 



Fig. 18. 


of V. 
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surface c r. For suppose that V = pv gives the quantity of material 
of density p passing through unit cross-section in unit time as in 
article 13. Then V -dor is the rate of passage of material through the 

element of area d<y and / V d<r is the total flux through cr. If p is 

cr 

charge density, pv is current density and the integral then gives the 
total current through the surface. 

17. Gauss’ Theorem. — This theorem states that the volume 
integral of the divergence of a finite, continuous and single-valued 
vector function V of position in space, taken over any volume t, is 
equal to the surface integral of V taken over the closed surfaces bound- 
ing the volume r, that is. 



V-Wr 



V-^cr, 


(17- 1 ) 


where dr — dx dy dz is an element of the volume r, and the vector 
element of surface d<r has the direction of the outward-drawn normal 
in accord with the convention of article 3. This theorem implies 
that, if the integrand has the form of the divergence of a vector, the 
value of a volume integral depends only on the values of the vector 
over the surfaces bounding the volume, and not at all on the values 
of the vector at points in the interior. 

We shall prove Gauss’ theorem first for a simply connected region 
inside which the derivatives of V as well as the function itself are 
continuous. We have 

f v - vdT = fff it dx dy dz 

+fff% dx dy dz + fff d S dx dy dz - 


Consider the first integral on the right. Integrating with respect 
to a:, that is, along a strip of cross-section dy dz extending from Pi 
to P 2 (Fig. 19), 



dx dy dz 



r x (x 2 , y, z ) 


^(•vi )J 5 *)}dy dz y 
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where xi, y, z are the coordinates of P x and x 2 , y, z those of P 2 . 
Now at Pi, du x — — dy dz, while at P 2 , da x — dy dz. So 



dx dy dz 




"y x&i, y, z)dcr x . 


where the first surface integral is taken over the right-hand part of 
the surface <r and the second over the left-hand part. Therefore 



dx dy dz 



Pxd& xy 



X 


where the surface integral is evaluated over the entire surface. 
Similarly 

f ff X 

and 


Iff 


dV< 


z 


dz 


-f 


dx dy dz = / V z da z . 


Adding these three equations we get Gauss’ theorem 

V -Vdr = ^ ( V x da x +■ V y d<T y -f- P z d<x z ) = ^ V-da - . 

If the volume r is bounded by two surfaces <?i and cr 2 , as in Fig. 20, 
we can divide it into two simply connected regions r\ and r 2 by means 
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of the surface ABCT). Applying Gauss’ theorem to each of these 
regions and adding, we find that the volume integral over r is equal 
to the sum of two surface integrals. But the portion of the one sur- 
face integral over ABCD is annulled by that of the other, since the 
outward drawn normal in the first is opposite to that in the second. 
Hence we are left with the 
sum of the surface integrals 
over o i and 02, the positive 
normal in each being that 
directed outward from the 
volume r. Evidently this 
device may be applied to a 
volume bounded by any finite 
number of surfaces, in which 
case the surface integral must D 

be evaluated over all the sur- Fig. ao. 

faces bounding the volume. 

Finally, if the derivatives of V are discontinuous across a surface 
o' lying inside the simply connected region r (Fig. 21), we may 
divide r into two parts, and t 2 , separated by the surface o'. 
Apply ing Gauss’ theorem to t\ we obtain the sum of a surface integral 

over o and one over o'. Simi- 
larly the volume integral over 
r 2 is equal to a surface inte- 
gral over o'. Provided V is 
continuous across o' the one 
integral over this surface is the 
negative of the other, since the 
outward drawn normals in the 
Fig. 21. two cases have opposite direc- 

tions. Hence the volume inte- 
gral over the entire region r = tj + r 2 is equal to the surface 
integral over o. 

Since Gauss’ theorem holds for a vector function V the deriv- 
atives of which are discontinuous over a surface lying in the region 
of integration, we are at liberty to apply it to a region divided 
into subregions in each of which V is represented by a different 
function, provided the functions employed in two adjoining sub- 
regions give identical values of V on the surface separating them. 
Such an instance occurs in the electric field of a sphere of radius a 





38 


THREE-DIMENSIONAL VECTOR ANALYSIS 


with a charge q uniformly distributed throughout its volume. For 
r ^ a y the electric intensity is (q/^.Tra z )r y while for r ^ ^ it is (^/47rr 3 )r. 
In fact, whenever we speak of a point charge or a surface charge, we 
shall understand a small sphere or a thin layer inside which the 
charge density is large but finite. Hence the field will be everywhere 
finite and continuous, so that Gauss’ theorem can be applied to the 
electric intensity. 

As noted in article 1 6, the product V 'da is called the flux of the 
vector V through the surface element da. If E represents the electric 
intensity, E da is the electric flux y and if H represents the magnetic 
intensity, Uda is the magnetic flux through da. 

A useful corollary of Gauss’ theorem known as Green’s theorem 
states that 



• Vv — 'Vu)dr 



v — vV u) * da y 


(17-2) 


where u and v are finite, continuous and single-valued scalar functions 
of the coordinates having derivatives possessing the same properties. 
To prove Green’s theorem we start with the identities 

V ■ u V v = V u • V v + ■ V v y 


V-vVu = Vv-Vu + pV-Vz/. 


Subtracting, integrating over the volume t and converting the integral 
on the left into a surface integral by Gauss’ theorem, we have Green’s 
theorem. 

Other corollaries of Gauss’ theorem, which hold for vector func- 
tions to which Gauss’ theorem is applicable, are the following: 


fl V <fv/r = fl &d<T, 

(17-3) 

J V-U Vdr = J VCJ-Ar, 

(17-4) 

flv X Wr = - J V X da. 

07 - 5 ) 


In the first, <I> may be any scalar function, such as TJ-V. 
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To prove the first relation. 


J* V$dr = i J^ViQdr + 

— i l &i-d<r + • 

a 

— J &d<r\ 


o prove the second. 


J VU Vdr = i J V-tr r x dr + 


-f.' 


VJS'da + 


VU • dcr ; 


.nd to prove the third. 


/ 


V X Vdr 


dr -f- 


=i /y^_^ T+ ... 

J T \ dy d z / 

= i { f v JVtdT - /% ■WVt} + 
= i f {Kd*y - Vyd az ) + ■■■ 

/ V X d<y. 


18. Stokes’ Theorem. — This theorem states that the surface 
ntegral of the curl of a finite, continuous and single-valued vector 
unction V of position in space, taken over any surface cr, is equal to 
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the line integral of V along the closed curve or curves bounding the 
surface <r, that is, 

J~VXVd T=J>Vd\, (18-1) 


where d\ is a vector element of the periphery taken in the sense of 
rotation of a right-handed screw advancing from the negative to the 
positive side of the surface, in accord with the convention of article 3* 
This theorem implies that, if the integrand has the form of the curl 
of a vector, the value of the surface integral depends only upon the 
values of the vector along the periphery, and therefore that the 
integral has the same value over all surfaces having the same 
periphery. 

We shall prove Stokes’ theorem first for a simply connected 
surface on which the derivatives of V as well as the function itself 
are continuous. Since 


V X V 


-■( 


d_K _ dVy \ . f dVjc _ d_K \ , t (dVy dV x \ 

dy dz ) J V dz dx ) 


+ k 


(dVy_ 

\ dx 


dy ) 5 


it follows that 

/"'*■/( 


d_K 

dz 


dcj 


v 


£*■) 






Let P\Pz (Eig. 2,2) be the trace of the surface <r on a plane parallel 
to the YZ coordinate plane at a distance x from the origin. We will 
integrate the first integral on the right of the equation above along a 
strip of the surface extending from Pi to P 2 lying between planes 
parallel to the YZ coordinate plane at distances x and x + dx from 
the origin. The figure is drawn so that both y and 2 increase as we 
proceed from Pi to P 2 . The Y component of dcr is positive, and 
therefore d<r y = dz dx , but the Z component is negative and so 
da z = — dy dx. Therefore 




dy 



dx. 
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But, as x remains constant for integration along the strip P1P2, 



X 


Fig. a a. 


where *, y 1, are the coordinates of Pi and a;, jy 2 , 2 2 those of P 2 . 
At Pi the sense in which the periphery is described is into the paper, 
whereas at P 2 it is out from the paper. So at Pi, d\ x = — dx and at 
P 2 , d\ x = dx . Therefore 



dV* 

dy 


d<r z W V x {.x, jy 2j 2 2 )<a^X a; -f- ^ V X (x> .yi, Zi')d\ a 


where the first line integral is taken over the right-hand portion of 
the periphery and the second over the left-hand portion. Conse- 
quently 
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the line integral being taken all the way around the periphery. 
Similarly 



and 


f(~ 

Ja \ dy 


dK dV z 

dtf x - w(7 - 


dx 


.)-/ 


V z d\ z . 


Adding these three equations we obtain Stokes’ theorem 


I. 


V X V-^cr 


-y> {v*d\ x 


+ V yd\y + V z d\ z ) — 


/ v 


d\. 


If the surface <r is bounded by two curves \i and X2, as in Fig. 2,3, 
we can divide it into two simply connected surfaces cri and cr 2 by the 



curves AB and CD. Applying Stokes’ theorem to each of these 
surfaces and adding, we find that the surface integral over <r is equal 
to the sum of two line integrals. But the portions of the one line 
integral over AB and CD are annulled by those of the other, since 
these curves are described in opposite senses in the two cases. .Hence 
we are left with the sum of the line integrals over \i and X 2 , both 
being described in the positive sense relative to the surface. Evi- 
dently this device may be applied to a surface bounded by any finite 
number of closed curves. Stokes’ theorem holds in any such case, 
provided the line integral is evaluated over all the curves bound- 
ing the surface cr in the positive sense relative to the adjacent 
surface. 
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Finally, if the derivatives of V are discontinuous over a curve X' 
lying on the surface <r (Fig. 2,4) we may divide <r into two parts, ai 
and cr 2 , separated by the curve X'. Applying Stokes’ theorem to <r\ 
we obtain the sum of a line integral over X and one over X'. Simi- 
larly the surface integral over cr 2 is equal to a line integral over X'. 
Provided V is continuous across X' the one integral along this curve 
is the negative of the other, since they are described in opposite 
senses. Hence the surface integral 
over the entire surface cr — + <r 2 

is equal to the line integral over X. 

Since Stokes’ theorem holds for 
a vector function V the derivatives 
of which are discontinuous, we are 
at liberty to apply it to a region 
divided into subregions in each of 
which Vis represented by a different 
function, provided the functions 
employed in two adjoining sub- 
regions give identical values of V on the surface separating them. Such 
an instance occurs in the magnetic field of a straight current i of cross- 
sectional radius a. For r ^ a> the magnetic intensity is 2 i X r/47r a 2 c, 
while for r ^ a it is 2 i X r/47r r 2 c. In fact whenever we speak of a 
linear current we shall understand a tube of small cross-section inside 
which the current density is large but finite. Hence the field will be 
everywhere finite and continuous, so that Stokes’ theorem can be 
applied to the magnetic intensity. 

The product V*d\ may be called the vectorjnotive force of the 
vector V along the line element d\. If E represents the electric 
intensity, E**/X is the electromotive force , and if H represents the mag- 
netic intensity, H-c/X is the magnetomotive force , along d\. 

It should be noticed that when the surface to which Stokes’ law 
is applied is a closed surface, the length of the periphery is zero, and 
hence 

V X V -d<r = o. 

If V X V vanishes everywhere in a spacial region, V can be 
expressed as the gradient of a scalar function of position in space in 
that region. For under these circumstances the line integral of V 
around every closed curve vanishes, and hence V is the gradient of 



X 



Fig. 24 . 
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some scalar function, as was shown in article 1 6 . Now an irrotational 
vector is, by definition, one whose curl vanishes in the region under 
consideration. So every irrotational vector is the gradient of some 
scalar function of position in space. 

Two corollaries of Stokes’ theorem, which hold for vector functions 
to which this theorem is applicable, are sometimes useful. The first 
states that 


^VX.ft= J~ V W<r - f W-da. 


(18— a) 


To prove this we have 


fj) V X d\ — z (j) (V yd\ z — V gd\y') *4" * * * 

= if/ Vyk d\ ~ V Z j d\ I + 


= I'j fv X (kV. y) -da - J V X UK) -da] + ••• 

= i l Ki? + Hi) - Hz d ° v - Hz d A + 


= if V-W. - da \ + 
= J V ■ V da — ^f VV 'da. 


The second corollary states that 


/ 


VX(UXA) 


/ 


V X VU-^cr 4- 


/ v ' 


UV x da, (i 8-3) 


where V, in each of the surface integrals, operates as a differential 
operator on the entire quantity under the vinculum. In proving this 
we note first that 

/ v X (U x d\) = f>XSV d\ - fu-Vdk. 
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Now 


and 


Hence 


/ 


UV<ft. = ij> U x V-d\ A 

= ij V X VU x -do + 


-I 


d* X v-vu, 


yv 


wx = 


U* Vi • dK ~A~ ' ’ • 
i I V X (iTTVWo- + ••• 

l 


+ 


- / da- X VUV. 


/ 


V X (U X A) = 


/ X {v-VU - VU V} 

*^CT 

y { (do X V) X UJ X V. 


But, if we expand the triple vector product inside the braces, 

{ (do XV) X UJ XV = V X VU do + V UV X do, 
which proves the corollary. 

19. Orthogonal Curvilinear Coordinates. — Frequently we need 
to express the gradient, divergence or curl in other than rectangular 
coordinates. Let us take as coordinate surfaces any three orthogonal 
families, u(x, y, z) = const., v(x 9 y, 2) = const., zv(x, y, 2) = const., 
and introduce the unit vectors ui, v x , w h in the directions of increas- 
ing Uj v , w respectively, u, v, w being so ordered that Ui, Vj, Wi consti- 
tute a right-handed set. Although Ui, Vi, Wj are unit vectors, it 
must be borne in mind that their directions may change as we pass 
from point to point. Let us designate by a u , a v and a w the three 
functions of u 9 v , w which represent the distances along the normals 
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to the three coordinate surfaces per unit increment in the coordinates 
u y v and respectively. Then a vector element of distance is given 
in terms of du 3 dv, dw by 

d\ — VL\a u du + Vi a v dv + Wi a w dw 3 (19—1) 

a vector element of area by 

d<r = Ui a v a w dv dw + Vi a w a u dw du + Wi a u a v du dv 3 (19—2) 
and an element of volume by 


dr = a u a v a w du dv dw. (1: 9 — 3) 

A vector P may be expressed in terms of its components P U3 P Vi P w 
in the directions of increasing u 3 v, w respectively by 


Evidently 

and 


P = u x Pu -b Vi P v + Wi P w . 
P* Q = PuQu + PvQv -b P wQw> 


P X Q = 


Ui 

Vi 

Wi 

p u 

Pv 

P w 

Qu 

Qv 

Qw 


(19-4) 

09 - 5 ) 

(19-6) 


The differential operator V becomes in the new coordinates 

d d d 

V = ui — — + V! — 7 - + wi — , (i9-7) 


a u du a v dv a w dw 

and the gradient of a scalar function v , w) is 

V<£ = Ui — b Vi — — + Wi 


a u du 


a v dv 




(1 9-8) 


The expansion of the divergence and of the curl of a vector function 

V(«, v, w) — UiV u (u 3 v, w) + Vi V v {u, v, w) + Wi V w {u 3 v 3 w) (i 9-9) 

can be obtained by taking the scalar and the vector products of (19-7) 
and (19-9), but in carrying out the indicated differentiation the 
derivatives of the unit vectors Ui, Vi, Wi must not be overlooked, since 
the derivative of a vector of constant magnitude but variable direc- 
tion is not zero. However, we shall employ a simpler method making 
use of Gauss’ theorem and of Stokes’ theorem. 
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Xo obtain the divergence we apply Gauss’ theorem to an elemen- 
tary rectangular parallelopiped At bounded by surfaces over which 
«, v and w are constant. Then 


V-VAr 



V-dicr. 


The net outward flux of V through the two faces for which u is 
constant is 
__ d 

u a v a w AvAw -J- — {V u a v a w ) AuAvAw — P r u a v a w AvAw 


= ~ {a v a w V u ) AuAvAw, 


and similar expressions hold for the two remaining pairs of surfaces. 
Hence Gauss’ theorem gives 

V* V a u ava w AuAvAw 


- [du + dv + A (a„a v r w )J 

and the divergence of V is 

v v = I A {a^a w y u ) + (a w a u V„) + A (^ j j . 

a u a v a w \du dv dw j 


AuAvAw 


(19-10) 


To obtain the u component of the curl we apply Stokes’ theorem 
to an elementary rectangle Aa u in a surface u = const., the edges of 
the rectangle being lines along which either v or w is constant. Then 

| V x V \ u A<r u = £ V d\. 

Now the line integral of V along the two edges for which v is constant is 

Q Q 

-j- — ( AvAw V w a w Aw = — AvAw 

OV Qv y 

and along the two edges for which w is constant 


j^V^-Ar + ^ {V v a^)AwAv V [/z^Aoj — — {a v V^)AvAw. 

Hence Stokes’ theorem gives 

| V X V | u a v&w Av Aw — ' — ( a w V w ) — — ( a v V v ) j AvAw. 

Ic/y dw J 



48 


THREE-DIMENSIONAL VECTOR ANALYSIS 


In similar manner the other components are obtained, 
the three components of the curl are 


| V X V 


W 


_ 1 J 

' d 

1 

[ dv 

I 

\± 


{ dw 

I 

\± 


[ du 


Pw) ~ (a 
dw 


*V V ) I , 


dv 


)• 


Altogether 




Since the Laplacian is the divergence of the gradient, its expansion 
in curvilinear coordinates is obtained by substituting the components 
of (19—8) in (19—10). Thus 


V-V$> 


1 


&ZL&V&W 






(19-12) 


The functions a Ui a v , a w are determined most easily from the 
expression for the square of the linear element, 

d\ 2 = a^du 2 -+• a 2 dv 2 + a w 2 dw 2 . (19—13) 


In spherical coordinates, for instance, 

d \ 2 — dr 2 + r 2 dd 2 + r 2 sin 2 dd<j > 2 (19— 14) 

and therefore a r — 1, a e = r, a+ — r sin 0, while in cylindrical 
coordinates 

d \ 2 = dr 2 + r 2 d<t > 2 + dz 2 ( 1 9 — 15) 

and a r — 1, a# = r, a z = 1 . 

Other orthogonal curvilinear coordinates will be introduced as 
occasion arises. 


Problem 19a. Find the Laplacian of in spherical coordinates. 

Problem 19b. Find the three components of the curl of V in spherical 
coordinates. 


20. The Potential Operator. — We shall now define an operator 
which is as important in integration as the vector operator V is in 
differentiation. This operator is called the potential , and is symbol- 
ized by the abbreviation Pot. 
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Let «0 v2j yz, 22) be a finite, continuous and single-valued function 
of the coor dinates .*2, J 2 , ^2 of a point P 2 (Fig. 25) , and let r 12 be the 

distance ^i) 2 + (jy2 JVi) 2 H~ ( z 2 — z i) 2 of the point P 2 

from another point P\ whose coordinates are xiyyi 3 Furthermore 
let u either vanish identically for all r 12 > p, or become equal to 
( t >s )/ r i2j where 0 and 0 designate polar angle and azimuth respec- 
tively and n > o. We shall assume the second alternative in our 



Fig. 25. 



subsequent treatment, since the results obtained for it hold a fortiori 
for the first. 

We define Pot* u at P\ by f 


Pot* u 



«C*2,.y2> z 2 ) 

4^12 


*/t 2 . 


( 20 - 1 ) 


where dr 2 is the volume element dx 2 dy 2 dz 2 , and the integral is taken 
over the region lying between a small sphere of radius r and a large 
sphere of radius R^> p surrounding P lm Then we define the potential 
of u at Pi by 

1 1 


Pot u = 


Pot* u. 


r — ► 0 
R — > 00 


(2O-2) 


Evidently both Pot* u and Pot u are functions of x ly y 1} z x . 


t The factor 4-*- is inserted in the denominator to make this quantity agree in 
numerical coefficient with the electromagnetic potentials to be introduced later. 
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To show that Pot «, as so defined, exists, we can divide the region 
of integration between the spheres r and R into three parts by describ- 
ing a small fixed sphere of radius a > r and a large fixed sphere of 
radius A , where R > A > p } about P\. Then 


Pot .* = 

Jr 4^12 


Z 2 ) 




/ ^(*^2? 72? ^2) 

47TT12 

J «( •*’2,72? 22) 


4**ri2 

+ 


^7-3 

.22 


dr* 


4^12 


For brevity put «i for the value of « at the point Pi. Then, as « 
is continuous at Pi, we can choose a small enough so that the first 
integral does not differ in absolute value from 


u 1 



d-T*} 

4 7rr 12 


jux(a 2 — r 2 ) 


by more than a previously assigned small quantity e, for any r < a. 
The second integral obviously converges. The third becomes 

f /(«>*) -77+i 

» 2tt 


47r(w 


Hence, if we put 4^ for the integral with respect to 0 and <i> on the 
right, 


Pot* u = — r 2 ) + y 


^(* 2 ? 72, Z 2 ) 


4^12 




+ — * (-1 

n - 1 \A n ~ 2 R n ~ 2 / 


to any desired degree of precision, and evidently a definite limit is 
approached as r-^o and R — > 00 , provided n > 2. Hence the po- 
tential of « exists if n > 2. However, as the first and second deriva- 
tives’ of i/r” 2 are of the order of i/rj^ -1 and i/r? 2 +2 , respectively, it 
follows that the potential of the first derivative of u exists if n > 1 
and of the second derivative if n > o. 

In the case of a vector function V(#2> 72? *2) we have 


Pot V = i Pot P* + 7* Pot P*, + ft Pot P*. 


(20-3) 
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If V x , V y , V z satisfy the conditions required in the case of u 9 their 
potentials exist and therefore the potential of V exists. Evidently 
Pot V is a vector function of x \ 9 yi, Z\. It is known as a vector potential 
in contradistinction to the scalar potential (20-2) . 

Since r%2 is a permissible argument of a proper scalar or vector 
function, it follows that the potential of a proper scalar function is a 
proper scalar function, and the potential of a proper vector function 
is a proper vector function, of the coordinates and of the components 
of any constant vectors which may appear. 

21. Commutation of Pot and V. — We shall now show that, if u 
and its first derivatives are finite, continuous and single-valued func- 
tions of the coordinates such that their potentials exist. 


where 


and 


Vi Pot u — Pot VoW, 


V! = 


V 2 = 


. d , . d , t d 

2 -j— J ~J— k , 

dx\ dy 1 dz-i 

d d d 

i h j h k 

dx% dyz dZ2 


(21-1) 


It must be borne in mind that u is a function of X2, jy 2 > %2 but not of 
*i, yi, zi, whereas Pot u is a function of x l 9 yi, zi but not of x 2 , y2, ^2- 


r 



Let Pi (Fig. 26) be the point X\ 9 yu 21 and P\ the point *1 + Aati, 
yi 9 zi. If the potential at Pi is indicated by { Pot u } Xlt Vlt Zl and 
that at Pi' by {Pot u} Xy+ & Xu Vu Sl> 

pot u _ 1 1 ( P 0 * U ) ^i+Ax 1t vu zi ~ { P 0 * u } zi, Vu zi (21—2) 

dxi ° L Axi 

Axi — ► 0 
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Now suppose that we. associated with the volume element dr 2 at P2, 
not the value u(x2> y 2 > 2 2 ) of u at P 2? hut the value u(x2 + A^2> jy 2 > 22 ) 
of u at P2', where Ax 2 = P 2 P 2 is taken equal to Ax\ = P1P1'. 
This represents a translation of the distribution of u to the left 
through a distance Ax 2 - But a shift of the distribution of u to the 
left by the amount Ax 2 evidently gives the same potential at Pi as 
the original distribution of u gives at the point P\ at an equal dis- 
tance Axi to the right of Pi. Therefore 

{Pot «(^ 2 ,y 2 , 22) } xi-\-Axi, Vx, Si = { Pot tl{x 2 “b Ax 2 y y 2 i 22) }xi, j/i, *i 

= {Pot u(x 2 ,y2, Z 2 ) } x u vx, Z\ + Pot I Ax 2 + • • - . 

L OX 2 J j/x» 21 


Since A#i = AX2, we 
Ari — > o. 


Similarly 


and 


get on substituting in (21-2) and letting 


d 


Pot « = 

_ 

Pot 

dxi 

dx 2 

d n 

du 

Pot w = 

Pot 

dy x 

dy 2 

d 


Pot « = 

_ 

Pot 

dzi 

dz 2 


Multiplying these three equations by i, j, k respectively and adding, 
we have (21— 1). 

If the second derivatives of u as well as the first satisfy the condi- 
tions for the existence of the potential, 


Pot u = 


d du 

Pot = Pot 


d 2 u 

dx *> 2 


dx\ * dxi 6x2 

and consequently Vj . Vj Pot a _ Pot 

V 2 -V 2 u. (21—3) 

Similar relations hold for vector functions satisfying the neces- 
sary conditions. Thus 


Vi-Pot V = 

A 


-A Pot + ~ Pot V v + ~ Pot K 
ox 1 ojyi 0Z\ 


p . . p p dV z 

= Pot b Pot b Pot — 

0x2 ojy 2 0Z2 

= Pot V 2 *v, 


(21-4) 
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Vi X Pot V = 



Pot V z - 


d 

dzi 


Pot V, 


•) 


+ 


• • • 


= I Pot 


(dK 

\dy 2 



= Pot V 2 X V. 
In like fashion we may show that 


Vi-Vi Pot V = PotV 2 -V 2 V, 
ViVi-PotV = Pot V 2 V 2 • V, 


Vi X Vi X Pot V = Pot V 2 XV 2 X V. 


(21-5) 


(21-6) 

( 21 - 7 ) 

(21-8) 


22. Poisson’s Theorem. — This theorem states that, if u and its 
first and second derivatives are finite, continuous and single-valued 
functions of the coordinates and 11 either vanishes identically for 
712 > P or becomes equal to f(6 , 0)/r” 2 where n > 2 , then 


Vi-Vi Pot u — — U\y 


(22-1) 


where u\ is the value of «(^ 2 , y 2 , z 2 ) at the point x\, y \ , z\. 

Although it is sometimes convenient to deal with functions which 
are discontinuous across certain surfaces, it is never necessary to do 
so, since we can always replace such a surface of discontinuity by a 
thin layer in which the function and its derivatives change rapidly 
but continuously from their values on the one side to those on the 
other. Thus if u is the charge density of an electrified body, we may 
suppose that u decreases rapidly but continuously as we pass through 
the surface of the body from the value which exists in the interior to 
a value effectly zero outside. Even in the case of a surface charge, 
such as exists on a conductor in an electrostatic field, we may suppose 
the charge to reside in a thin layer instead of on a mathematical sur- 
face, such that when we pass through the surface of the conductor 
the charge density increases rapidly but continuously from zero to a 
finite maximum value, and then decreases rapidly but continuously 
to the value zero outside the conductor. Indeed, this concept of a 
surface charge is undoubtedly more in accord with reality than that 
of a charge spread over a mathematical surface. Although we shall 
frequently employ the phrase “ point charge,” we shall generally 
understand thereby a charge concentrated in a small but finite region 
in such a way that the charge density is everywhere finite and con- 
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tinuous. By these devices we are able to avoid many analytical 
complications in the development of the general theory, while still 
reserving the right to introduce surfaces of discontinuity into specific 
problems where it is clear that their use does not vitiate the calcula- 
tion. 

As 

Vi-ViPot w-Vt.Vxf 

L AfRT 12 

r — + 0 
R — ► oo 


we might be tempted to differentiate under the sign of integration, 
treating the limits of the integral as constants. However, that pro- 
cedure, which would yield zero in view of the fact that Vi*Vx(i/r 12 ) 
— o, is not legitimate since the lower limit is a function of a y\, Zi. 
In fact we shall see later that it is permissible to differentiate Pot u 
once under the sign of integration without regard to the limits, but 
not twice. The correct evaluation of the second derivative will lead 
us to Poisson's theorem. 

At present, however, we shall employ another method making use 
of the commutation property of V and Pot, and of Green’s theorem. 
We have from (2,1—3) 


V1-V1 Pot* = Pot V 2 -V 2 « 


By Green’s theorem (17—2) 


t 

= Pot*V 2 -V 2 «. 

1 — ► 0 
R—> 00 


( 22 - 2 .) 



I 

— v 2 -v 2 « — «v 2 *v 2 

ri 2 




1 

— V 2 u — uV 2 
r 12 



• d<y 2 . 


As, however, V 2 -V 2 (i/ri 2 ) is identically zero. 


/ R 

V 2 • V 2 udr 2 

4^12 


= / — - — V 2 U'dv 2 — / — V 2 (— )dc r 2 . (22-3) 

47TT 12 4 7 T \r 12 / 


The region over which the volume integral is taken is that included 
between a small sphere cf radius r about the point Pi, whose coordi- 
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nates are x 1} y u z x , and a large sphere of radius R. Therefore the 
surface integrals must be evaluated over each of these spheres. 
Now let R be taken large enough so that u> if it does not vanish 
identically over the outer surface, is equal to /(0, <j>)/ri 2 , where n > o. 

dti 

Hence the normal component of V 2 u is — nf{S 3 <j>) More- 

dr^ 

over the normal component of V 2 (i/ri 2 ) is — j/r X2 . Consequently 
the sum of the two surface integrals over the sphere R is 


~r f 

^irR n Uq Jq 


f( 0 3 <j>) sin dd 6 d 4 >. 


which approaches zero as R increases without limit, provided n > o. 

Over the small sphere the normal component of V 2 (i/r 12 ) is i/ri 2 
since the positive normal to the surface is inward. Let x be the angle 
which r 12 makes with the value (V 2 «)i of V 2 u at Pi. Then we can 
choose r small enough so that the sum of the two surface integrals 
over the sphere r does not differ in absolute value from 



= — | V 2 u |i 



\r cos x sin x dx — #1 == — ui 


by more than a previously as- 
signed small quantity e. Passing 
to the limit, 

Pot V 2 • V 2 u = —u !, (22-4) 

a relation which is valid provided 
n > o. If, however, n > 2, Pot u 
exists, and we obtain Poisson’s 
theorem (22-1) by combining 
(22-4) with (22-2). 

Now let us consider the dif- 
ferentiation of Pot u under the 
sign of integration. Let P x (Fig. 
27) be the point whose coordi- 
nates are y 1, 24, and P[ a 
point whose coordinates are x x 



A.vi, y 1, z x . First we describe a 
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fixed sphere of radius a about Pi so small that we can replace the 
continuous function u by u\ at all points inside this sphere without 
appreciable error. About Pi and P\ we have the two spheres r 
and r' of the same radius, small enough so that they lie entirely 
inside a. Next we describe a fixed sphere A > p about Pi, outside of 
which lie the two spheres R and R' of the same radius described 
about Pi and Pi'. Then 


*0*1, Vl, *1 


/ CL 

: 


dr s 


r 4^*12 


~b 


I 


ttp 2 ,.V 2 , gg) 
4^12 


dr 2 + 


/ R 

U 


P'2, jy 2 > 22) 

47rri2 


dr 2. 


As the spheres a and A are fixed, we can differentiate the second 
integral under the sign of integration. Hence 


(Pot**)-*, *-l{ /■*?- r*±\ 

A^i L J r > ArvT 12 <J r 47rrio J 


dxi " ' * J_ A^i l J r > 4^12 «/ r 4^*12 

Axi — *0 

.A 


+ 

. 22 ' 


* (- 


+ 

Axi — ► 0 


f - 

J a 47 r dvi Vri 2 / 

1 * I | r R **p2,y2, Zg) ^ _ f ^p2,V2, Z2) ^ 

L l -/a 4 7 rr i2 47rri2 2 . 


— ) u(x 2 ,y 2) z 2 )dr 2 
12/ 

R 


47rri2 

where r^2 is the radius vector drawn from Pi'. Now 


/ 


a 


dr 2 
r 12 


= 27rp 2 — r 2 ). 


(22-5) 


To get the corresponding integral about Pi', we recall that the 
potential in the usual units due to a spherical shell of mass m and 
radius b at a point distant p from its center is m/b if p ^ and m/ p if 
p ^ b. Now the integral under consideration is equal to the integral 
throughout the volume bounded by a less that through the volume 
bounded by r'. Consequently, expressing the first as the sum of the 
integral over the region bounded by the sphere of radius Axi about Pi 
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and the integral over the region between this sphere and the sphere of 
radius a> 


[“dr* = 

•Jr' r 1 2 


jtirAxi 2 + 


a 

*/Axi 


47rri2 2 ^i2 

riz 



/ 9 7 / 

471^x2^! 2 
^12 


= ^irAxi -f- dTr ( a ^ 


Ax i ) — Ittt 


/ 2 


Hence, as r’ = r. 


’ r dr, r 

J r ’ 47TT 12 ./ - 




4^12 


“ — -g-A^i . 


The expression in the last brace on the right of (22-5) is easily 
found to be of the order of Ax\/ A n ~ x ^ and therefore the last term is 
negligible if A is taken sufficiently large, provided n > 1. 

Now, proceeding to the limit A# x — >0, r— >o, R— >00 in (22-5), 
in any order whatsoever, 

£1 (Pot u) =f a ££(£) a( * 2 > j,2 > 


By taking a sufficiently small and A sufficiently large at the start, 
we can ensure that the difference 


J a 4 TT dXi V*i2/ 

a— * 0 
A -+ 00 


(x 2 » JV 2 j 2 2 ) ^T 2 




a 


47T 6aTx 



^(•^2,^2, 22)^2 


is less than any previously assigned small quantity e. 
may write 


d 


dxi 


(Pot 



00 

JL JL 

4 tt dxi 



u(.X. 2 , jy2» 2 2 )^T2, 


Hence we 


(22-7) 


which shows that we may differentiate Pot u once under the sign of 
integration without regard to the limits. 

Now we shall proceed to the second derivative. Indicating by an 
asterisk that the integral extends only from the sphere r to the sphere 
R , we obtain by differentiation 
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dxi 


(Pot u ) 


-«■/ 

%S r 


x 2 — Xi 

~3~ ^ T 2 


r 4^12 


+ / ) u(x 2 ,y 2 , Z 2 )dr 2 + / 

j a 4 x Vi 2 / J A 


R 


X 2 — X\ 

T *(*2, J2, Z2)^T 3 , 

4'7rri2 


and 

a J a 


a 1* * i r r a 

— (Pot*) =«! — / 

l o^i J |_ A^x l J r > 


Axi — > 0 


AT 2 — iVi 7 

7 3~ dr 2 
4^12 


/ 


*2 “ *1 7 
T" T 2 


r 4 7rr 12 


+ 


f A 1 a 2 / I \ , 

/ V~2 V / U ^2, jy2j Z 2 )^T 2 

*/ a 47r \r 12 / 



A*i— »0 


*^2 “ 
4 xr i2 3 


«(^2 3 J2, z 2 )dr 2 



X 2 — ^1 
4 7rr 12 3 


«(*2> ^2, Z2)^T2 f 


( 22 - 8 ) 


We notice that { (#2 — •*’i)A*i2 3 \dr 2 is just the X component of 
the force at Pi due to attracting matter of unit density filling the 
volume dr 2 . As the force due to a spherical shell of such matter is 
zero for an interior point, and the same as if the matter were con- 
centrated at its geometrical center for an exterior point. 


and 




dr 2 = — 4 ^'jr Ax\. 


The expression in the second brace on the right of (22-8) is of the 
order of Axi/A n } and therefore the last term is negligible if A is taken 
sufficiently large, provided n > o. 

Hence, proceeding to the limit Ax\ — » o, r — » o, R — » 00 in (22-8), 
in any order whatsoever, 

^ u(x 2 } y 2 ) z 2 )dr 2 . (22-9) 


d*i J 


(Pot u) = — hu\ + 


/ A 

41T 


dxi 
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As in (22—7) we may write this 

-£- 2 (Pot u) =-i Ul + £ ~ ~ (^) u(x 2 , y 2 , Z 2 )dr 2 , (22-10) 

which shows that we may not differentiate Pot u twice under the sign 
of integration without regard to the limits. 

Adding to (22—10) similar expressions for the second derivatives 
with respect to y and z, we get Poisson’s theorem 

Vx-Vi Pot u —— Ui y (22-11) 

since Vi*Vi(i/ri2) vanishes identically. 

If each component of a vector function V of the coordinates satis- 
fies the conditions imposed on the scalar function u just considered, 
Poisson’s theorem evidently holds for V, that is, 

Vi*Vi Pot V =— Vi. (22—12) 

Hereafter we shall drop the subscripts appearing in the equations 
expressing the results of this and of the previous article. However, 
it must be remembered that V appearing before Pot represents Vi, 
whereas V following Pot represents V 2 . In fact, when V commutes 
with Pot it changes from Vi to V 2 or vice versa. Both Pot u and 
V-V Pot u are functions of x x , Zi, and hence it follows of necessity 
that the u appearing on the right of (22-11) is the value of u at 
■tfij JVij that is, a function of Z\. In future we shall generally 

omit the subscripts on the coordinates x , jy, z, save in those cases 
where both sets of coordinates appear explicitly. 

23. Poisson’s and Laplace’s Equations. — An important equa- 
tion of theoretical physics, known as Poisson's equation , is 

V*V<I> =— p, (23—1) 

where p is a finite, continuous and single-valued function of the coordi- 
nates which either vanishes or becomes equal to f( 0 , <f> ) /r n , where 
n > 2, for all r > p. 

By means of Poisson’s theorem we can solve Poisson’s equation 
for <i>. For, if we take the potential of each side. 

Pot V-VO =— Pot p. 

Using (21—3) this becomes 

V -V Pot $ = — Pot p. 
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and, applying Poisson’s theorem (22,-1), 

<£ = Pot p. (23- 2) 

Similarly if 

V • VV — — w, (23-3) 

where w is a vector function of the coordinates whose components 
satisfy the conditions stated above for p, we get the solution 

V = Pot w. (23-4) 

If p = o everywhere inside a volume r, Poisson’s equation (23-1) 
reduces to Laplace* s equation 


V • V< 3 ? = o (2.3—5) 

inside this region. If 3> is given over the surface a bounding r, a 
solution of this equation which satisfies the boundary conditions is 
unique. For let 3>i be one such solution and <3> 2 another distinct 
solution, if such exist. Then <£ 0 = $2 — &i satisfies Laplace’s 
equation. Integrating the identity 

V $0 * V $0 = V * <J> 0 V 4 >o ~ V • V <I> 0 


over r we get 


= V • 4> 0 V3>o 

V #0 • V t — V • <£ 0 V r 
— 3> 0 V ^0 ‘ dxj 


by Gauss theorem. But $2 — ^1 and hence ^0 ~ o everywhere 
on <7. Consequently 

V ^0 * V = o. 



Now the volume integral of the square of a vector can vanish only if 
the vector vanishes identically everywhere in the region of integration. 
Hence V3> 0 = o everywhere in r, and 3> 0 = C, a constant. But 
$0 = — 3>1 vanishes everywhere on <r. Consequently C — o and 

^2 — ^1 everywhere in r. 

If the dependent variable is a vector function, Laplace’s equation 
becomes 


V-W = o. 


(* 3 - 6 ) 
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This is equivalent to three scalar equations in which the dependent 
variables are Vy and V z . Consequently a solution which satisfies 
assigned boundary conditions over the surface <j bounding t is unique. 

If Laplace’s equation holds over all space, (23-2) shows that 
$ = o is the only possible solution. So in any physical problem 
Laplace’s equation can hold only in a limited region or regions. 

24. Resolution of a Vector Function into Irrotational and Sole- 
noidal Parts. — Let V and its first and second derivatives be finite, 
continuous, single-valued functions of the coordinates. Then 

VXVXV = VV-V-V-W, 

and, provided V vanishes identically for all r > p or becomes equal 
to f{ 6 , <t>)/r n where n > o, 

Pot V • W = Pot VV • V — Pot V X V XV. 

Under the same conditions Pot V • W = —V, in accord with (22-4). 
Hence 


V = — Pot VV • V + Pot V X V X V. (24-1) 

The first term on the right is irrotational and the second solenoidal. 
This relation shows us that any well-behaved vector function, which 
vanishes, however slowly, at infinity, can be expressed as the sum of 
an irrotational and a solenoidal vector function, and is completely 
determined by its divergence and its curl. 

If V is entirely irrotational and vanishes more rapidly than i/r at 
infinity, 

V = - V Pot V • V, (24-2) 

and hence V can be expressed as the gradient of a scalar potential 
function, as proved otherwise in article 18. 

If V is entirely solenoidal and vanishes more rapidly than i/r at 
infinity, 

V = V X Pot V X V, (24-3) 

and therefore V can be expressed as the curl of a vector potential 
function. 

While a vector function V may be both irrotational and sole- 
noidal in a limited region, it cannot possess both properties every- 
where, for then (2,4-1) would require that it be zero throughout space. 
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Problem 24a . If V is a constant vector parallel to the X axis, show that it 
can be expressed either as V<I> or V X A, and find and A. 

Ans . 3 > = Vx 4- const; A = £(V X r) + V«, where u is an arbitrary- 
function of the coordinates. 

25. Dyadics or Tensors. — Many physical laws are represented, 
analytically by equating one vector to the product of another vector 
by a scalar. Such a law is the second law of motion, F = ?ni, where 
F is the force acting on the mass m and f the resulting acceleration - 
On the contrary, the law relating the electric displacement D to the 
electric intensity E in a homogeneous anisotropic medium, while 
linear, is not so simple, for each component of displacement is in 
general a linear function of all three components of electric intensity- 
Here we must write 

D x = &llE x “1“ a 12^y H- 

Dy = a 2 l-Ex # 22 E y + # 23 ^, 

D z — a 3 iE x # 32 Ey + az^Ez. 


It is obviously desirable to express this law in vector form. We can 
do so if we replace E x by z'-E, E y by ./-E, E z by fe-E, multiply the 
three equations by z', k respectively, and add. Then we have 


\ a\ \ii -f- #12* j #13 


D = 


+#21 fi + #22 jj + #23 fa 



(25-1) 


“I” ^32^7 + ^33^^ J 


where the dot on the right-hand side indicates that the scalar product 
is to be taken between the second unit vector in each term inside the 
braces and E. 

The operator 

^ ail ii + a 12 ij + ik 

+ #21 ji + #22 jj + #23 jk (25— a) 

+ #3 1 ki + #32 kj + #33/2/2 


is known as a dyadic , or tensor of second rank. In tensor language a 
vector is called a tensor of first rank , and a scalar a tensor of zero rank. 
Equation (25—1) may now be written 


D = ¥ E, 
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which expresses D as a linear vector junction of E. In addition to the 
product ^-E of W and E we may form the product E*^? by taking the 
scalar product of E by the first unit vector in each term of M*. In the 
first, E is said to be a postfactor to in the second, a prefactor. Note 
that the vector E-^ is not in general equal to the vector Mf-E. 

If aij = aji in (25—2) the dyadic NP is said to be symmetric , whereas 
if a^ = — aji (and therefore an = o) the dyadic is skew-symmetric. 
If P is a vector, evidently P*^ = ^-P if is symmetric, and 
P-XJjr = — <P’P if is skew-symmetric. 

Clearly each term in the dyadic ^ is formed by the juxtaposition 
of two vectors, such as a^ij and 1, or j and <02i*\ in the term a^\ji. 
If a and 1 are any two vectors, the undetermined product al is called a 
dyad , the vector a being known as the antecedent and 1 as the conse- 
quent. If either antecedent or consequent is expressed as the sum 
of two or more vectors, the distributive law holds, for 

(a + b)l-P = (al H- bl) * P. 

On the contrary, the commutative law does not hold in general for 
the two vectors constituting a dyad, since 

al -P 5^ la-P 

unless a has the same direction as 1 . 

Evidently a dyadic is just a sum of dyads obeying the commu- 
tative and associative laws of addition. We shall now show that any 
dyadic may be expressed as the sum of three dyads. For let 

= al -h bm + cn + do. 

If 1 , m, n are not coplanar, we may put o = /I + .gin + hn so that 

^ = (a + /d)l + (b + ^d)m + (c + Ad)n, 

whereas, if 1 , m, n are coplanar, we have n = p\ + qm. and 

SP — (a + ^>c)l + (b + ?c)m + do. 

Hence, the most general form of a dyadic is 

= al -f- bm + cn. ( a 5 “ 3 ) 

Furthermore, if the antecedents or consequents of the dyads 
constituting a dyadic are coplanar, the dyadic may be reduced to the 
sum of two dyads, and if they are collinear, to a single dyad. The 
first is called a planar dyadic and the second a linear dyadic. 
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If the vector P is perpendicular to the plane of the consequents 
of a planar dyadic M*, then ^ • P — o. Conversely if ^ • P — o for 
some vector P, ¥ must be at least planar with its consequents at 
right angles to P. 

If a dyadic is given in the form (25—3), it may at once be put in 
the noman form (25-2,) by expressing each of the vectors a, b, c, 1, m, n 
in terms of its components. For let a = ia x + ja y + ka z , etc. Then 

a>w — a x lx * 4 “ b x m x d - c x n Xi 

&12 = &x?y d - b x m y d - c x n y ^ 

^21 = fty^x d - b y m x d" c y n X y 

etc. The scalars a z j appearing in the form (25—2) are called the 
elements of the dyadic. 

Let W be a dyadic with elements as in (25-2), and $ a dyadic 
with elements bij. Then, if NP = $, each element of is equal to the 
corresponding element of To prove this, take the scalar product 
of each dyadic with i. We have then 

"9'i = &n i -f- &2i J + &3ikj 

$ -l = b\\i d- b 2 \j -f- b 3 ik. 

As these two vectors are equal, an = bn> a 2 1 = b 2 n a 3 i — b 3 i. 
Multiplication by j and k shows the remaining corresponding elements 
to be equal. 

Let the dyadic X with elements Cij be the sum of the dyadics 
and # with elements and bij respectively. Then Cjj — + bij. 

For we have 

X z = ¥ i H- $z 

and similar relations with j and k replacing i. Writing these in 
terms of the elements of the dyadics involved, the desired relations 
are obtained at once. 

The antecedents and consequents of a dyadic 'P appearing in a 
physical law may be either constant vectors or proper vector func- 
tions of position in space. Then if P is a proper vector, <P*P and 
P ^ are proper vectors. 

To find the transformation for the elements of a dyadic when we 
pass from one set of rectangular axes XYZ to another set X'Y'Z' 
differently oriented, we note that P-'P-Q represents the same scalar 
relative to either set of axes, whatever the vectors P and Q may be. 
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Letting P and Q represent successively the unit vectors i', j', fe', the 
elements of the dyadic when referred to AT'Y'Z' can be immedi- 
ately determined in terms of the elements a ij referred to XYZ. Thus, 
using the notation of (8—4), 

#21 = j'-W i'— (i/21 +j/j 22 4 - k/23) ’ (thi 4 ~ jhz + fe/13) 

= 2 j * 

13 

Since the distributive law holds for the product of a dyadic by a 
vector, this process is equivalent to substituting for 1, j, k in the 
nonian form (2.5—2) their values in terms of 1', j', k' as given by (8—4) 
and collecting like terms. 

We shall now prove two important integral theorems for dyadics 
which follow from Gauss’ theorem. Let be the dyadic (25—3) with 
antecedents and consequents which are functions of the coordinates, 
and da a vector element of area. Then 


da-SP = Isi'da + mb - dcr + nc-da, 
and, if we integrate over any closed surface c r, 

^ da = J* la. -da +••*■= ^ V ■ sldr +•••== ^ V *MWr (25—4) 
by (17-4). Next, if r = ix + jy + kz, 

f r X (da • \P) = / r X la ’da + • • - = ^V-ar X Idr + • * • 

= J * r X (V-sd)dr 4- • - • + J' a-Vr Xldr - |- • • 
d d d 

Now, as a-V = a x — — a y — — h *x ~ and r X 1 = i(yh — z/y) 4“ 

dx by dz 

j(z/ x — xl z ) + k(xl y — y/ x ) y it follows that 

a* Vr X 1 = i(&yfg &zly) 4~ j(&»lx ^x^z) 4“ k-(&x^i / &y?x) 

= a X 1 . 

Therefore 

/ r X (da-SP) = J C r X (V -SP)dr 4- J' (aXl + bXm + cX n)dr. 
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The integrand of . the last term is the vector formed by taking 
the- sum of the vector products of the antecedent and the conse- 
quent in . each dyad comprised in the dyadic P. This vector is 
called the vector of the dyadic and is designated by P*. Since 
(P + Q) X R = P X R + Q X R, its value is independent of the 
form in which the dyadic is expressed. So finally we have 


/ 


r X (^<r-P) 


-f. 


r X (V-P)^r + 


/*• 


dr. 


(25-5) 


Evidently if P is symmetric, P* = o and the last term in (2,5—5) 
vanishes. We shall have occasion to make an important application 
of these two theorems in the study of electromagnetic stresses. 

26. Conjugate Dyadics. — If 


P = al + bm + cn 


the conjugate of P is defined as the dyadic 

P c = la + mb -f- nc 

obtained by interchanging the antecedents and the consequents of P. 
Evidently P-P = P c -P and P-P = P-P c where P is any vector. 

Inspection of (25-2) shows that if a dyadic is symmetric it is 
equal to its conjugate, and if it is skew-symmetric it is equal to the 
negative of its conjugate. Consequently if P is symmetric, 
P-P = P-P where P is any vector. Conversely, if P-p = p-p 
where P is any vector, then P is symmetric. For suppose P to be 
expressed in the nonian form (25—2) and let P == i. Then 


z-P = a xl i + a 12 j + a 13 k , 

P-z’ = a%ii + a 2X J + &3ik> 

showing that a X2 = «2i> ^31 = ^13, and similarly for the other pairs 
of elements. Hence, as a-ij = aj^ the dyadic is symmetric. 

If P is skew-symmetric, P-P = — P-P where P is any vector. 
Conversely, if P-P = — P-P where P is any vector, then P is skew- 
symmetric. For, if P = z’, we get, just as in the last paragraph, 
an = — an = o, a x2 = — a 2Xi a 3i = — a X3 , or in general a a = — 

&i% ~~ O. 

Since P-P = P-P is a relation between vectors which is indepen- 
dent of the orientation of the axes, a symmetric dyadic remains 
symmetric if we refer it to a new set of rectangular axes oriented 
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differently from the original set. The same statement holds* for a 
skew-symmetric dyadic. The symmetry properties of dyadics, 
therefore, are unaffected by a rotation of the axes. 

Any dyadic ^ can be expressed as the sum of a symmetric and 
of a skew-symmetric part by writing it in the form 

¥ = + 9 C ) + £(9 - ¥ c ), (26-1) 

where JOS' + ^ c ) is symmetric since 

(¥ + ¥ c ) c = V C + W, = + ¥ = ¥ + V c , 

and JOS' — « , c ) is skew-symmetric since 

(V - Vc)c = Vc- (?c)c - - V - - - V.). 

27. Normal Form of Dyadic. — First we shall show that any three 
non-coplanar vectors may be chosen as antecedents or as consequents* 
of a dyadic. Suppose that the dyadic is 

= al + bm -f- cn, 


and that we wish to express it in terms of the consequents p, q, r. 
Provided these three vectors are not coplanar, we can write 

1 == l x p -|- / 2 q 4 - / 3 r, 


m = ip + m 2 <i 4 - m Z T y 


and therefore 
where 


n = «ip + n 2 q + n z v y 
qr = ep -f fq + gr, 

e = h&. + wijb -jb tzjC, 
.f = / 2 a 4-'. 'tnjDi Hr c> 


! 4 4 + '^b + » 3 ‘c. 

Similarly, if we wish to. .use p; q,:.r.for antecedents, 

= pii + qy 4 - rw, 

where 

u = a±l + b\vsx -f- rin. 


( 27 - 1 ) 


(27^). 


v = 4 " b 2 VCL ”b r 2 n, 

w = *z 3 l +■ £ 3 m 4 - ^ 3 ®l> 

the subscripts signifying components along p, q, r as before. 
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Now we shall prove that any dyadic may be put in the ?iov?}i aI fo?~ 7 Ti 

M* = + bj x h + ch \k 2 , (2,7-j) 

where i u j u k x and 12,7*2, k 2 are, in general, two differently oriented 
right-handed sets of orthogonal unit vectors. We can see at once 
from the nonian form (25-2) of the dyadic that it would be expected 
that the dyadic could be put in this form by suitably orienting the 
two sets of unit vectors. For suppose that we express the antecedent 
unit vectors in (25—2) in terms of unit vectors 1*1, 7*1, ^1 °f undeter- 
mined orientation, and the consequent unit vectors in terms of unit 
vectors z* 2 , 72, k 2 of undetermined orientation. The resulting form 
Df the dyadic will contain nine elements which are functions of the 
direction cosines of z*i, 7*1, h\ and of z 2 , 7*2, k 2 . Equating the six of 
these elements not on the principal diagonal to zero, we have just 
the right number of equations to determine the directions of i \ , , Atj 

md i 2 y 7*2, k 2 , since each of these sets of unit vectors has three degrees 
Df freedom. 

The detailed proof makes use of a xmit vector a of variable direc- 
tion laid off from the origin. As a takes on all possible directions, 
ts terminus describes a unit sphere around the origin. A second 
sector 0, also laid off from the origin, is defined by the equation 

0 = ¥a. 


Vs a varies in direction, 0 varies in magnitude as well as in direction. 
Nevertheless, since all the elements of the dyadic 'F are supposed to 
>e finite, 0 never becomes infinite. Hence there must be some direr - 
ion of a for which the magnitude of 0 assumes a maximum value, or 
.t least a value as great as any other. Let the fixed unit vector * 2 
>e the value of a for which 0 assumes this stationary value a. Now 
onsider all values of cl lying in the plane perpendicular to i 2 . Let 
he fixed unit vector j 2 be the value of cl in this plane lor which ^ 
ssumes its greatest stationary value b. Finally let k 2 be a fixed 
nit vector perpendicular to i 2 and 7*2 in the S sense that makes 1*2,72, k 2 
right-handed set. Then we can write SP in the form 


^ — e*2 + f7 2 + 2 , 

nd 


0 = ez 2 • a + f7* 2 *a + gfc 2 *a. 

*ut, 0 = a when a — z 2 . Therefore e = a. Similarly f = b. So 

^ — az 2 + b j 2 + gk 2 . (27-4) 
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All that remains is to prove that the three vectors a, b, g are 
orthogonal. As 

0 = (az 2 -f- b j 2 + gk2) • a. 


and 


d& — (az*2 + b/ 2 -h 6^2) * do., 

P’^P = P ' az*2 • da + p • b / 2 • da + $gk 2 -da. 


As p has the stationary value a when a = i 2 , fi dfi = o, and we 
have 


a-b/2 da + a • gk 2 • da = o. 


since da must be perpendicular to z* 2 . Now do, may have any direc- 
tion parallel to the plane of j 2 and k 2 . If it is taken parallel to j 2 we 
get a-b = o, whereas if it is taken parallel to k 2 we find ag — o. 

Next restrict cl to the j 2 k 2 plane. Then, since p has the stationary 
value b when a = j 2 , 

\>-gk 2 da = o, 
which requires that b • g = o. 

As a, b, g are orthogonal, we may select a right-handed set of 
orthogonal unit vectors i u j u k x by putting a = ai u b = bj u g = ck u 
where c equals g or -g according as a, b, g are right-handed or left- 
handed. Then (27—4) reduces to (27—3). 

28. Normal Form of Symmetric Dyadic. — We have seen in 
article 27 that any dyadic can be put in the normal form 

= <?z'iz 2 +fjj 2 4 - gh ift 2 , (28-1) 

where 1*1, 7*1, ki and z* 2 , j 2 , h 2 are two right-handed sets of orthogonal 
unit vectors. We shall now show that if is symmetric, (28—1) 
reduces to the yet simpler normal form 


SF — ai\i\ + bjiji + ckiki. (28—2) 

That it would be expected that the dyadic could be put in this form 
is evident from the considerations advanced in article 27 immediately 
following equation (27-3). For, since a symmetric dyadic is equal to 
its conjugate, the process described there results in only three equa- 
tions of condition, which can be satisfied by a single set of suitably 
oriented orthogonal unit vectors. 
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To give a detailed proof for the case where *?,/, g in (28-1) are all 
different, we note that, since is equal to its conjugate. 


^ = eiih -\-fj1j2 + gkik-2 = ei 2 i\ +//2/1 + £*2*1- (28-3) 

Without loss of generality we may assume e > J > g. Putting as 

before _ 

P = ^a, (28-4) 


where a is a unit vector of variable direction, we know that 0 s 
assumes its greatest stationary value e 2 when a = i 2 . But j 8 2 = e 2 
from the second form of (28-3) only when a=±z*i. Therefore 
1*2 = =b 1*1. Consequently j\ and k\ y since they are perpendicular to 
2*1, are also perpendicular to z* 2 . 

Next restrict a to the plane perpendicular to i 2 . When a is so 
restricted, fi 2 assumes its greatest stationary value f 2 for a = j 2 . 
But /3 2 — j 2 only when a, restricted to the plane perpendicular to z*!, 
is equal to d=7*i. Hence j 2 =±7*1. Consequently we may put 
ei 2 = aii,fj 2 = bji, gk 2 = ck 1, where a equals e or — e accordingly 
as I2 equals 2*1 or —2*1, etc., thus obtaining (28—2). 

This proof fails if two of the coefficients e,f, g in (28-1) are equal, 
for then one of the stationary values of / 3 2 exists for more than a 
single pair of opposite directions of a. However, this case can be 
included in the treatment given if it is considered as the limiting case 
reached when one of the originally different coefficients e, /, g is 
allowed to approach another in value. 

The directions of the unit vectors 2*1,7*!, *1 which give a symmetric 
dyadic ^ its normal form (28-2) are known as the principal axes of 
the dyadic. It remains, now, to determine the directions of the 
principal axes and the magnitudes of the coefficients a , c when the 
dyadic is given in the nonian form (25-2) relative to an arbitrary 
set of unit vectors 2, 7, k. Putting (28-2) in (28-4) we see that |3 
has the direction of a only when a is parallel to one of the principal 
axes, 2*1, 7*1 or fti, and that then (3 is equal in magnitude to a , <£, or c 
respectively. So the determination of the directions of the principal 
axes reduces to the solution of the equation 

^•a = /Sa (28-5) 

where / 3 , as usual, represents the magnitude of the vector p. Desig- 
nating by /, m , n the direction cosines of a relative to the unit vectors 
2*, 7*, k with respect to which ^ is given by (25—2), 

a = li + mj + nk y 
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and the three scalar equations to which the vector equation (28— <) is 
equivalent are 

(^11 = o, 

a i2^ + O22 — $)m + a^n = o, ■ (28-6) 

^31^ + ^23 ™ + (/Z33 ~ 0)« = O, 

where we have made use of the relation = a^. 

Eliminating /, m , n we have 

^11 0 ^12 ^31 

a i 2 ^22 — 0 ^23 

^31 ^23 #33 ““ 0 

Since we know that the dyadic can be put in the form (28-2), this 

cubic in 0 must have three real roots equal respectively to a , b and c. 

Using each of these roots in turn in (28-6) and making use as well of 

the relation l + m + n 2 — 1, we find the direction cosines of the 

1 j • « unit vectors i, j , k in terms of which the 

dyadic is expressed by (25-2). 

We have already noted that if the unit vector a in (28-4) is laid 
off from the origin, its terminus describes a unit sphere with center 
at the origin. Now we shall show that if the vector p is laid off from 
the origin as well, its terminus describes an ellipsoid with semi-axes 
a, by c parallel to the principal axes of the dyadic. For let 

a — + n{k\y 

p = i\x + j\y + k ±Zy 

where 1*1, 71, &i are parallel to the principal axes of and 4, m u m 
are the direction cosines of a relative to these axes. Then, putting 
(28-2) in (28-4) we get r 6 

X ~ al U y = bm\y Z — C7l\y 

and remembering that 4 2 + mi 2 + n 2 = 1, 

x 2 y 2 z 2 

-2 + 72 + ? = 1- (28-8) 

Consequently the effect of the symmetric dyadic 'P operating on the 
unit vector a of variable direction is to distort the unit sphere 
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described by the terminus of the latter into an ellipsoid with semi- 
axes a , b , c along the principal axes of the dyadic. 

Problem 28a. Reduce the symmetric dyadic 

^ = Sii 4 " o ij — f- oik 
+ oji + 34 jj -h iijk 
4 " oAri 4 " 12 ,kj -j- 4 1 kk 

to normal form and find the direction cosines of the principal axes. 

Ans . ¥ = 6 i x h 4 * 5Q/i/i 4 - 25*1*1. /, m, n = 1, o, o; o, db-f-, =Ff; o, d=f, 

. 4 
=±= 3 -- 

Problem 28b. Reduce the symmetric dyadic 

NP = 53 ii + 6 ij + iiik 

4 " 671 + 5877 4 " 1 87* 

4 - 12*1*4- 18*7 4 - 8 5/cAr 

to normal form and find the direction cosines of the principal axes. 

Ans. ^ — 981*1/1 4 - 497*l/i 4 - 49*1*1. /, n = f, f, for others not 
determined because two coefficients are equal. 

29. Normal Form of Skew-Symmetric Dyadic. — Let 

*P = on 4- «i20* — « 3 ii& 

— a l2ji “ 1 ” 0/7 4 “ &2zjfo 

4 “ &3lki — ^23 fty 4 - ofeft (29—1) 

be a skew-symmetric dyadic, satisfying the condition aij '= — aji. 
Then, if P is any vector, 

SP-P = i(P y a 12 — Pz#zi) + j(Pz & 23 “* P X&12) 4 - k(P x a 3 i — Py& 2 z)> 

and if X is the vector 

X = z #23 4 * 7^31 4 “ ka\2 


whose components are the three independent elements of ^P, it appears 
that 


¥-P = p x X, 
P ¥ = X X P. 


(29-2) 


The direction of X is called the axis of the skew-symmetric dyadic 
If, now, the unit vector 1*1 is given the direction of X, we can 
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write X — Xi'i, where X = '\/« 2 3 2 4 ^3i 2 4 ^i2 2 - Choosing unit 
vectors 7*1 and fei in any directions at right angles to z’i so as to con- 
stitute a right-handed rectangular set, we can in any event write 

'P = oi'xii + a 12 hji — a'zihki 
a 12 jlh 4 071 7*1 4 a 2 zjlkl 

4 ^ 31 ^ 1 2 *1 “ 4 - okikx 

for the dyadic <P referred to the new axes. But, on account of (29-2), 

\F*z*i = — a 12 ji 4 <231*1 = o, 

giving a'i2 = <331 = o. Furthermore 

^ * 7 i = — <223*1 — — Xfei 

giving <323 — X. So finally ^P reduces to 

T = XO'jfcx - fei7x) (29-3) 

relative to the new axes. This is the normal form of a skew- 
symmetric dyadic. We see from (29-2) that operating with a 
skew-symmetric dyadic 'P on a vector P is equivalent to taking the 
cross product of P by the vector X formed from the elements of the 
dyadic. It is worthy of note that a skew-symmetric dyadic is always 
planar, as indicated by (29-3). 

Problem 29a. Reduce the skew-symmetric dyadic 

= oil + 2fy - 6ik 

- 27 i 4- Ojj 4 3 jk 

4 6 ki — 3 Ay -f- okk 

to normal form and find the direction of its axis. 

Ans. ip « 7(/i*i — *i7i), h — f* 4 f7 4 fAr. 

Problem 29b. Prove that the vector X defined in this article is half the 
vector of the dyadic as defined in article 25. 

Problem 29c. Let ^P be the dyadic 

^P = { H 4 COS 4 > (77 4 *Ar) } 4 {sin <f> (Ay — jk) ), 

the first part of which is symmetric and the second skew-symmetric. Show 
that ^P-P, where P is any vector, is a vector obtained from P by a rotation 
through an angle <f> about i. This dyadic is called a versor. 
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30. The Unit Dyadic. — The symmetric dyadic 

I = ii 4 ~ jj + kk 

is known as the unit dyadic , since, if P is any vector, 

I P = ii*P + jj-'P + kk P = P, 

PI = Pii + P-/;' + Pfefe = P. 

Let us refer the unit dyadic to a set of axes X r Y f Z f with unit 
vectors i', /, k' parallel to the three axes respectively. Then 

I — a'ni'i' + a'lii'j' + aisi'k' 

+ + a'nj'f + a 23 j'k' 

+ a'sih'i' + a 3 2 ^'j' 4 “ u 33 k'k f • 

But, since I •£' = i' from (30-2), we have a' n = 1, #21 = a 3 i — °> 
etc. So the unit dyadic takes the form 

I = i'i' + j'f + k'k' (30-3) 

when referred to the axes X'Y'Z' . 

Next let us choose any three non-coplanar vectors a, b, c as 
consequents of I. We have then 

I = ea 4 - fb 4 - gc. 

Form the scalar product of I by b X c. Then, as I-b X c = b X c, 

l b X c = ea-b X c = b X c, 

and consequently 

= b X c 
6 ab X c 

Similarly 

= c X a 
” a b X c’ 


( 3 0-1 ) 

(30-2) 


a X b 

S ab X c 

We see, therefore, that e, f , g are the set of vectors reciprocal to the set 
a, b, c. Hence the antecedents and consequents of the unit dyadic 
may be taken as any pair of mutually reciprocal sets of vectors. 
Using the notation of article 7, 

I = aa' 4 - bb' 4 - cc' = a'a 4- b'b 4 - c'c. (30-4) 



PRODUCTS OF DYADICS 


75 


31. Products of Dyadics. — If and $ are the two dyadics 

^ = al 4 bm -j- cn, 

$ = e p + fq + gr. 


we define the scalar product by 

= (al + bm 4- cn) • (ep 4- fq 4- gr) 
= (l-e)ap 4 (l-f)aq 4 (l*g)ar 
4 (m-e)bp + (m-f)bq4 (mg)br 


4- (n-e)cp 4 (nf)cq 4- (n-g)cr. 


Evidently is a dyadic itself. The commutative law does not 

hold for this product, since clearly 3? • M* 'P-S? in general. However 
the associative law holds since (^P*#) -X = 'P* ($-X). If the dyadics 
are expressed in nonian form, so that 

'P = &\\ ii 4" ^12 ij 4" &izik 
4 a 2iji 4- ^22 jj 4- &2zjk 
4 #31 4- #32 kj 4- #33^b 

$ = bixii 4 b 12 ij 4- b 13 ik 
4 b 2 \ji 4 b 22 jj 4 b 23 jk 


then 


4" b 3 \ki 4 b 32 kj 4 b 33 kk, 

Stf $ = cnii 4- C 12 V 4 ^i3*7t 

4 c 2 \ji 4 c 22 jj 4 c 23 jk 


where 


4 c 3 iki 4 ^ 32 m 4 Czzfcky 


C ij — '^tZ’ikbjcj' 

K 


This law of multiplication is identical with that for matrices. 

Evidently the dyadic I acts as unity when multiplied by another 
dyadic as well as when multiplied by a vector, since 


qr-I = I. qr= qr. 
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32 . Reciprocal Dyadics. — Suppose we wish to solve the equation 

P = >PQ ( 3 2 " 1 ) 

for the vector Q. As we have seen we can always put the dyadic in 
the normal form 

' , i r = + bjij 2 + ch 1&2 (32—2) 

by a suitable orientation of the two sets of unit vectors 2*1, ji, k x and 
2*2, 725 £2- Hence 

P = il&Qx 2 + JlbQv 2 + kicQ z 2 , 

where 0 * 2 , 0i,2> 022, are the components of Q along i 2 , 7*2, *2- So, 
if P; ci, P y i, Pai are the components of P along 2*1, _7i, fei, 

P*1 = ^0x2, Pj/l ^0y2, P 2 I ^0z2, 

and 

Q = 2*2 - Psi + J2 7 An + k 2 ~ P si 

a o c 

— 2*2/1 + ~ 7*2 A 4" ” ^2^1^ ‘ P - 

The dyadic 

'£ _1 ■ - 2*22*! + 77*2/1 + - *2*1 ( 3 ^- 3 ) 

a 0 c 

is known as the reciprocal of *?, and the solution of (32,-1) for Q is 

Q=^-Lp. ( 32 “ 4 ) 

Evidently 1 = 1 •M* = I. In fact, by virtue of this 

relation, we obtain (32-4) from (32-1) at once by taking the scalar 
product of both sides of the equation by We may define recip- 

rocal dyadics, then, as two dyadics whose product is equal to I. 

If 

T = al + bm 4 - cn ( 32-5 ) 

is any dyadic, its reciprocal is 

qj'" 1 — l'a' + m'b' + n'c', (32-6) 

where a', b', c' are reciprocal to a, b, c and 1', m', n' to 1, m, n. For, 

as shown in article 7, I F = m-m' = nn' = 1, 1 -m' = In' = o, 

etc., and hence 


by (30-4)* 


= aa' + bb' + cc' = I 
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If ^ is given in nonian form, we can write 

^ == I'Oui + aizj + aisk) + j{a 21 i + a 22 j + a%zk ) 

+ k(a 31 i + a 32 j + a 33 k)y (32—7) 

which has the form (32-5) with a = 1, b = j, c = k, 1 =^n2 + <2 12 j 

4- m = & 2 \i 4 ~ ^22 j + ^23^3 n = #311" + ^32 j 4 “ ^33^2. Hence 
a' = 1, b' = j, c' = k and 

^ X n \A 11 4 - 7^12 + kAi 3 

lm X n | a j 5 

, _ 11 X 1 _ 2^21 + J ^22 + fe ^23 
lm X n |«| 5 

_ 1 X 111 _ iA 3 i 4 ~ JA32 + fe ^33 
1 -m X n |«| 5 

where | # | is the determinant of the &ifs and Aij is the cofactor of 
aij in the determinant. Hence 

V - 1 = rjj [A X1 U + A 21 ij + A 3l ik 

+ A 12 ji 4 “ A 22 jj 4- A 32 jk 

4 - Ai 3 ki 4- A 23 kj 4- A 3 Z kk\. (32-8) 

Let ^ be a symmetric dyadic. Then P- P where P is any 

vector. Consequently 

OP P ) *^ _1 = (P-'io ¥ _1 = p = 

Hence, as ^P is an arbitrary vector, 1 is symmetric. We conclude 
that the reciprocal of a symmetric dyadic is itself symmetric, and 
similarly that the reciprocal of a skew-symmetric dyadic is skew- 
symmetric. 

Problem 32a. Find the reciprocal of 

¥ = 6 ii 4 - oij + oik 
+ 0/7 + 347/4- \ijk 
+oA7 + 1 ikj + ^ikk 

and check your answer by showing that 'F = I. 
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THE PRINCIPLE OF RELATIVITY 

33. Equivalent Particle-Observers. — An event is a phenomenon 
occurring at a particular point in space at a particular time. On 
analysis all physical measurements are found to consist of a record 
of coincidences of two or more events. In order to specify quanti- 
tatively the space interval and the time interval between two separate 
events by means of a record of coincidences it is customary to employ 
rigid material measuring rods and isochronous material clocks. The 
concepts of rigidity and of isochronism, however, require careful 
definition, for no material rods or clocks possess these properties by 
inherent right. For instance, a glass rod and a steel rod relatively at 
rest, which agree in length when compared at one place and time, 
will not in general be of the same length when compared at another 
place or time if there has been a change in temperature or in the 
strength of the electric or magnetic fields in which they lie. Again, 
earth time and moon time show slight discrepancies, and even the 
rates of two atomic clocks relatively at rest will not in general main- 
tain their initial ratio if the electromagnetic field in which they are 
located has changed. In fact, the measurement of distance by a 
material rod or of time by a material clock suffers from the same 
uncertainty as the measurement of temperature by an expansion 
thermometer. Here it was long ago recognized that two thermom- 
eters employing different thermometric substances do not give 
concordant readings at other than the fixed points. The attendant 
confusion was not resolved until the invention by Kelvin of the thermo- 
dynamic scale. Although no laboratory technician would attempt to 
construct the innumerable reversible heat engines required to realize 
this ideal scale, he is able by indirect methods to compare with it the 
scale of the constant pressure or the constant volume gas thermometer 
which he uses in practice, and thereby to determine whether or not 
the volume or the pressure of a given gas increases linearly with the 
temperature. In the measurement of distance and of time we need 
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an ideal criterion analogous to Kelvin’s thermodynamic scale of 
temperature by which to judge whether the number of placements end 
to end of a given material measuring rod and the number of oscilla- 
tions of a given material clock are directly proportional to the space 
intervals and the time intervals, respectively, between pairs of 
events; in other words, a criterion of rigidity and isochronism. In 
the absence of such a criterion the original formulation of the rela- 
tivity theory was based on undefined concepts of space and time 
intervals which could not be identified unambiguously with actual 
observations. Recently Milne 1 has shown how to supply the 
desired criterion by erecting the space-time structure on the founda- 
tion of a constant light-signal velocity. We shall present a modified 
form of his treatment. 

Our fundamental concern is with relative motion, including rela- 
tive rest as a special case. The concept of motion involves two essen- 
tial entities: a moving-element , and an observer or group of observers 
relative to whom the motion of the moving-element takes place. A 
moving-element is characterized by a point, whether in a material 
body or not, which can be continuously identified as one and the same. 
An observer, in order to describe the motion of a moving-element, 
must possess a means of measuring the distance of the moving-element 
from himself and a means of measuring the lapse of time. In order 
to emphasize the fact that a single observer’s measurements are con- 
fined to the single point occupied by himself, we shall designate such 
an observer a pai~ticle-observer. Each observer is supposed to possess 
a temporal intuition, that is to say, if two events E\ and E% occur at 
himself, he can judge without ambiguity whether E 2 takes place 
before Ex, simultaneously with Ex, or after E\. We shall provide 
each particle-observer with a device for assigning numbers rx, r 2 , 
to events occurring at himself in such a way that, if event E 2 occurs 
simultaneously with Ex, the numbers r 2 and rx assigned to the respec- 
tive events are the same, whereas, if E 2 occurs after Ex, then r 2 > rx, 
and vice versa . This device, which may be quite arbitrary in all other 
characteristics than the one specified, we shall call a clocks and we 
shall name r the local time of the particle-observer under consideration. 

Next we shall adopt certain conventions which will enable a 
particle-observer P to employ light-signals, timed by his clock, in 
such a way as to describe quantitatively the motion of any moving- 
element M . Let P dispatch a light-signal to M at time rx. On 
1 E. A. Milne, Relativity , Gravitation and World Structure , Oxford, 1935. 
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arrival at M the signal is immediately sent back toward P , whom it 
reaches at time T 3 . Chocsing an arbitrary constant c (a constant 
whose value, once chosen, remains the same for subsequent repetitions 
of the experiment) we define the distance r 2 of Ad from P when the 
signal reaches M by 

r 2 = |c(r 3 — ri), (33- 1 ) 

and we define P’s value of the time at which the signal reaches Ad by 

h = i( r 3 -+- ri). (33 _:2 ) 

Since — — = — = c, the constant c represents the velocity of 

h — r i r 3 h 

the light-signal in terms of the conventions adopted for measuring 
distance and time at a remote point. 

It should be noted that both r 2 and t 2 are computed by P from 
coincidences occurring at himself. The first represents P’s estima- 
tion of the distance of Ad and the second P’s estimation of the time 
when the signal reaches Ad. We shall call t 2 the extended ti?ne of P 
at Ad. If a second particle-observer is located at Ad, the local time of 
the second observer when the signal reaches him may be quite dif- 
ferent from P’s extended time t 2 , and his estimation of the distance of 
P may not agree at all with r 2 . The notation used designates local 
time measured at a particle-observer by the Greek letter t, the com- 
puted time of an event at a distant point being indicated by the Italic 
letter t. 

Evidently each one of two particle-observers P and P' constitutes 
a moving-element in the experience of the other. Thus P, acting as 
observer, may describe the motion of P', or P', as observer, may 
describe the motion of P. We shall designate by letters without 
primes local times measured by P or quantities computed therefrom, 
and by corresponding letters with primes local times measured by P' 
or quantities computed from these times. We attribute to light- 
signals dispatched from one particle-observer to another the following 
property: If two light-signals are sent from one particle-observer to 
another , the light-signal which is dispatched later from the one will be 
received later by the other. This fundamental principle underlies all 
the theory to be developed. In effect, it is equivalent to limiting 
our consideration to particle-observers with relative velocities less 
than the velocity of light. 

Now suppose that a light-signal is dispatched from P toward 



EQUIVALENT PARTICLE-OBSERVERS 


81 


P' at time r x and is received by the latter at time r 2 '. Let a second 
light-signal be dispatched from P' toward P at a time t\ earlier than 
r 2 ' and be received by P at a time r 2 later than r x , the time r x ' being 
so chosen that r 2 ' — r x ' = r 2 — t X . Then we say that r x and r x ' are 
corresponding times. Evidently 
this condition can always be ful- 
filled, for, if r 2 ' — t\ > r 2 — r x , 
the light-signal from P' can be 
replaced by one sent a little later, 
which will increase both t x ' and 
r 2 by virtue of the principle 
stated in the last paragraph, 
making r 2 ' — t\ smaller and 
t 2 — ri larger. The pair of light- 
signals under discussion is illus- 
trated schematically by the lower 
solid lines in Fig. 28, the time 
being plotted vertically and the 
separation of P and P' horizon- 
tally. The curves PP and P'P' are known as the world-lines of P 
and P' respectively. 

The statement that r x and t x ' are corresponding times does not in 
general imply that r 2 and t 2 ' are corresponding times also, for, if the 
signals received by P' and P at the times t 2 ' and r 2 are immediately 
returned and reach P and P' again at the times r 3 and r 3 ' respec- 
tively, the fact that r 2 ' — r x ' and r 2 — r x are equal does not insure 
the equality of 7-3' — r 2 ' and r 3 — r 2 . Only in the case of equivalence , 
to be considered next, are r 2 and r 2 ' necessarily corresponding times 
when ri and r\ are. In conformity with our present notation we 
shall always designate corresponding times by identical subscripts. 

In addition to the pair of light-signals dispatched from P and P' 
at the corresponding times r x and r x ', consider now another pair 
dispatched at the corresponding times r x + Ari and tj/ -f- Ar x ' 
respectively, as represented by the broken lines on the figure. Desig- 
nating the times at which these signals reach P' and P by t 2 ' -f- At 2 ' 
and t 2 + Ar 2 , 

(r 2 ' + At 2 0 — (ri' + Ati') = (r 2 + At 2 ) — (r x + Ar x ). 

But, as t 2 ' — t\ = r 2 — T|, it follows that A r 2 ' — Arj' = A r 2 — Ar x . 
Now, if Ar\ = Ar x , and hence A r 2 ' — A r 2 , whatever Ati may be , w<? 
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say that the clocks oj P f and P are equivalent , or that the two particle- 
observers are equivalent. If, in addition, the clocks of the two particle- 
observers are set so that t\ = ri, and therefore all corresponding 
times are identical, the clocks of the two observers are said to be 
synchronous . In future we shall deal primarily with particle-observers 
who are equivalent, and, when we are concerned with two particle- 
observers alone, we shall generally suppose their equivalent clocks to 
have been synchronized. 

It follows from the definition of equivalence that all pairs of corre- 
sponding times at two equivalent particle-observers differ by the 
same amount, and that any pair of times which are the same amount 
earlier or later than a pair of corresponding times are themselves 
corresponding. Conversely, if all pairs of corresponding times differ 
by the same amount, the particle-observers are equivalent. If the 
clocks of two particle-observers are synchronous, corresponding times 
are identical. Hence synchronism implies equivalence, although 
equivalence may exist without synchronism. 

Let P and P' (Fig. 28) be equivalent but not necessarily syn- 
chronous. If 'n and r\ are corresponding times, r 2 and t 2 are also, 
since r 2 — r\ = r 2 — ti. Furthermore, the times r 3 and r 3 ' at 
which the signals dispatched from P' and P at r 2 and r 2 are received 
are corresponding times, for r 3 ' — r 2 = r 3 — r 2 since t 2 and t 2 are 
corresponding times. Consequently t 3 ' — t\ = r 3 — t\. In the 
case under discussion we may say that the second pair of signals 
interlocks with the first, the signal dispatched from P at the time r 1 
being received by P' at the time r 2 ' and immediately returned to P 
whom it reaches at the time r 3 . Evidently r 2 is some function of r \ , 
which could be obtained empirically by observing the values of ra 
corresponding to different values of t\. Now, if t\ becomes r 2 , r 2 
becomes r 3 . So r 3 must be the same function of t 2 as r 2 is of t\. 

If we are given the law of motion of P r relative to P, that is, if 
we know r 2 as a function of P’s extended time t 2 at P', we can 
express r 3 as a function of ri by (33-1) and (33-2). Let this func- 
tional relation be 

r 3 = F(t 1). 

Since we must have 

T 3 =f{r 2 ), t 2 =/(ti), ( 33 - 3 ) 

it follows that our problem is to find the function f such that 

/{/(ti)} = -F(ti). 


(33-4) 
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Not only are the relations (33-3) necessary for equivalence; they 
are also sufficient. For all we need do is to assign the values 
ti H- k, + k, r 3 + k, • • ■ to the times t/, t 2 ', t 3 , • • • at which 
the various signals in Fig. 28 are dispatched from P', where k is a 
constant. Then the clocks of the two particle-observers are equiva- 
lent. If k = o they are synchronous as well. On the other hand, if 
( 33 “ 3 ) is not satisfied t 2 ' is not in general the time at P' corresponding 
to t 2 at P when r\ and r% correspond, and hence the assignment of 
the values rj + k, r 2 -h &, • • • to the times t/, t 2 ', * * • fails to make 
corresponding times at the two particle-observers differ by the same 
amount and therefore fails to make their clocks equivalent. The 
effect of satisfying (33-3) is to insure that r 2 corresponds to r 2 when 
r\ corresponds to ri, by requiring r 2 to become r 3 when ti becomes t 2 . 

Consider two equivalent particle-observers P and P' . From 
(33—1) the distance of P r from P at time r 2 ' is 

r 2 = \c{t 3 — rj), (33-5) 

whereas the distance r 2 *of P and P f at the corresponding time r 2 is 

r 2 ' = ic(r 3 ' — ri')- (33— 6 ) 

But t 3 — t\ = t 3 — ti as the observers are equivalent. Hence 
r 2 — r 2 , that is, the two distances are the same at corresponding times. 
As regards the velocity v 2 of P' relative to P, taken as positive if the 
two particle-observers are separating and negative if they are 
approaching, we find from (33-1) and (33— 2) 


dp 3 
dr\ 


~ — 2 _ 

V 2 ~ dt’ 2 ~ C dja 

d ti 


— 1 


+ 1 


whereas the velocity v 2 of P relative to P f is 

dr, 3' 

j 

2 


dr* 


v 2 


dto' 


— c 


dr\ 

dr*' 


— I 


dr\ 


/ 4 - I 


(33-7) 


(33-8) 


As the two particle-observers are equivalent, dr 3 — dr 3 if dr\ = dr\. 
Therefore v 2 = r 2 , that is, the two velocities are the same at correspond- 
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ing times . Evidently the conclusions reached here hold also for 
accelerations or for higher derivatives with respect to the time. 

is necessarily positive, we see from (33—7) that v 2 can never 


As 


dr 1 


dr ; 


have an absolute magnitude greater than c. For, as — — increases 

w UT\ 

from oto oo, p 2 increases monotonically from — c to c. If we solve 

equation (33 — V) for we get 

dr 1 

drs I -F £2 


dr 1 


— R - £2 

— > P 2 = — y 

@2 C 


(33-9) 


a relation we shall find useful later. 

From (33—2) it is seen that 

t 2 ' — ti = §(t 3 ' — Tl') = J(r 3 — r 1) = t 2 — Tl 

for a pair of equivalent particle-observers P' and P. As the extended 
times t 2 at P' and t 2 at P differ from the corresponding times rf and 
ri respectively by the same amount, they have the characteristics of 
a pair of corresponding times. If P' and P are synchronous, t 2 — t 2 . 
In this case, then, r 2 , v 2 , etc., are the same functions of the extended 
time t 2 of P' as r 2 , v 2 , etc., are of the extended time t 2 of P. 

So far we have confined our attention to the motion of a moving- 
element relative to a single particle-observer. The next step is to 
refer motion to an assemblage of equivalent particle-observers. In 
fact, in a space of more than one dimension, motion cannot be com- 
pletely defined by reference to one observer alone, for, in addition to 
motion along the line joining the moving-element to the observer, an 
angular motion about the observer may take place. We have 
recourse, then, to a reference system , which is defined as a dense 
assemblage of equivalent particle-observers filling all space, such that 
each particle-observer is at rest relative to and synchronous with 
every other. The specification of the motion of a moving-element 
relative to a reference system constitutes a complete definition of its 
motion. 

In order to show that all the particle-observers of a group are 
equivalent each to each we proceed as follows. First we show that any 
two particle-observers P r and P" of the group satisfy the conditions for 
equivalence with a specified particle-observer P and we provide them 
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with clocks equivalent to the clock of P. Next we show that P rf 
satisfies the conditions for equivalence with P' 3 and finally we prove 
that the same clock which makes P" equivalent to P also makes him 
equivalent to P'. If the motion of P" relative to both P and P' is 
of the same type as that of P' relative to P (i.e., rest, constant veloc- 
ity, constant acceleration, etc.), and the conditions (33-3) for equiva- 
lence of P' with P are satisfied, it is evident that the conditions for 
equivalence of P" with both P and P' are also satisfied, and all that 
remains is to investigate whether the same clock at P" is equivalent 
to both the clock at P and that at P f . 

If two reference systems having the same geometry can be associ- 
ated with two equivalent particle-observers P and P' respectively, 
the reference systems are said to be equivalent. Furthermore, if we 
may take as P and P' any pair of particle-observers in the two refer- 
ence systems, the two reference systems are homogeneously equivalent. 
In this case each particle-observer in the one reference system is 
equivalent to every particle-observer in the other. 

34* The Principle of Relativity. — The principle of relativity 
asserts that no preferred reference system exists in an effectively 
empty world such as we are concerned with in the study of electro- 
magnetism. It follows that the laws of physics must be identically 
the same, and the constants appearing in these laws must have the 
same values, when they are determined relative to two different refer- 
ence systems which have the same intrinsic properties. Now the sole 
function of a reference system is to locate events in space and time. 
Therefore two reference systems, associated with equivalent par- 
ticle-observers, which have the same spacial geometry and the same 
constant light velocity, possess identical intrinsic properties. Such 
reference systems we have called equivalent. So the laws of nature in 
general, and the laws of electromagnetism in particular, must be the 
same when referred to equivalent reference systems. We shall see that 
this criterion enables us to deduce the rather complex set of field 
equations perfected by Maxwell, from very simple premises without 
recourse to experiment. In a very fundamental way we shall be able 
to explain why a current gives rise to a magnetic field, why a changing 
magnetic flux induces an electromotive force, why a moving charge is 
deflected at right-angles to its direction of motion by a magnetic field, 
and so forth. 

The association of a pair of equivalent reference systems with a 
pair of equivalent particle-observers is necessary not only to insure 
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the identity of the two reference systems with respect to the under- 
lying constant light-signal velocity, but also to make the distance and 
time scales of the two systems the same. For the specification of the 
light-signal velocity determines nothing further than the ratio of the 
distance scale to the time scale. If we alter these two scales in the 
same ratio, we change neither the geometry nor the light velocity of 
a reference system. When, however, two reference systems are associ- 
ated with equivalent particle-observers, the scale of the one system is 
exactly specified in terms of that of the other. Only in this event are 
we justified in asserting that the values of the constants appearing in 
physical laws, as well as the form of these laws, must be the same rela- 
tive to the two systems. 

As a space of one dimension has no geometry, it is much simpler to 
treat than a space of three dimensions. Consequently we shall con- 
sider it first, confining our attention in the next five articles to equiva- 
lent particle-observers and equivalent reference systems in relative 
motion in a space of one dimension. Later, when we investigate three- 
dimensional reference systems, we shall limit our discussion to those 
systems which have Euclidean geometry. For we know that the 
reference system used in the laboratory is Euclidean within the limits 
of error of the most precise measurements and that the velocity of 
light in this system is constant. Our objective is to discover the 
existence of other equivalent Euclidean reference systems with the 
same constant light velocity. Then we can formulate laws of elec- 
trodynamics which have the same form and contain the same con- 
stants relative to each and every one of the group of Euclidean refer- 
ence systems under consideration. 

35- One-Dimensional Reference System. — Let P' be a particle- 
observer at rest relative to a second particle-observer P. Then the 
distance r 2 of P r from P is equal to the constant r 3 and (33-1) leads us 
to the equation 

ir 

T3 — ri H 

c 

This equation can be split into the two equations 

, r . r 

T 3 = T 2 \ , T 2 = Ti H , 

C c 

showing that P and P are equivalent. We shall provide them with 


(35-1) 


( 35 - 2 ) 
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synchronous clocks, so that corresponding times are identical. Then 
we may write (35-2) in the form 

V f 

r 3 = T 3 ' h— - , r 2 ' = n H- -• (35-3) 

The solution (35— 2 ) ( 35 — 0 unique under the conditions that 
the function/(r) appearing in (33-3) is analytic and that r 3 ^ r 2 ^ r x ; 
conditions demanded by the physical nature of the problem. To show 
this, put r = log x, r/c = log n . Then (35-1) becomes 

*3 = Ai, (35-4) 

and #3 and .#2 can be developed as power series in #2 and #1, respec- 
tively, that is, 

#3 = ^0 H” ^1*2 "I" a 2 xf* “h * * * , 

X 2 — “h -j- H~ * • * . 

Since #3 vanishes with #1, and at 2 lies between #1 and xq, the coefficient 
a 0 must be identically zero. Eliminating x 2 we find 

X3 = a\(a\x\ -J- a 2 x\“ "b * * ') +• a<2,{a.\X\ a 2 x 1 2 + • • *) 2 -f- • - • 

= a\ 2 x\ + a\a 2(1 -f- U\)x + • • *, 

which must be identical with (35-4). Therefore = n, a 2 — o, • • • , 
which shows that the only solution is that given by (35—2). 

Since P and P' are synchronous, corresponding times r c and rf are 
identical. Furthermore the distance r 2 of P from P' as computed by 
P' is equal to the distance r 2 = r of P' from P as computed by P. 
Therefore P is at rest relative to P'. 

The extended time t 2 of the event r 2 ' (Fig. a8) as calculated by P is 

*2 — i ( r 3 + vi) = r 2 ' (35“5) 

from (35-3). Consequently the extended time of the one particle- 
observer at the other coincides with the local time of the other. 

Next we shall introduce a third particle-observer P" at rest rela- 
tive to P. Since we have shown that particle-observers relatively 
at rest are equivalent, it follows that P" is equivalent to P. Let us 
provide P" with a clock synchronous with that of P. We shall prove, 
first, that P" is at rest relative to P r and therefore is equivalent to 
P', and, second, that his clock is synchronous with that of P'. Also 
we shall obtain the addition law for distances measured by particle- 
observers relatively at rest. 
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Let us designate by rp> and rp>> respectively the distances of P' 
and P" from P as computed by P, by rp and r P >> respectively the dis- 
tances of P and P" from P' as computed by P', and so forth. As 
shown above rp' = rp'. Now consider the interlocking signals 
n — > rz" and rz" — ► T5 of Fig. 29. Let 7-3 be the time at P correspond- 
ing to T3", and tz' the time (not necessarily equal to 7-3 ) at P' corre- 
sponding to tz" • As we are dealing with a one-dimensional space both 
the outgoing signal from P to P" and the returning signal from P" to 



P pass through P'. The times of these events we shall designate by 
T2' and 7-4' respectively. Then, as P' is synchronous with P , we have 

, . Tpt , rp> 

T 5 = r 4 H j r 2 = t 1 H , (35 - ^) 

c c 

from (35—3). Moreover, as P" is equivalent to P 9 

r& = rz + — , t 3 = tH , (35"7) 

c c 

from (35—2). Hence 

r'pn = %c(t4 — T 2 O = rp>f — rp r. 

As rpt and rpn are constants, this relation shows that P" is at rest 
relative to P’ and therefore is equivalent to P r . Since r'p, = rp>>, 
we see that the distance between P r and P" as measured by either of 
these observers is equal to the excess of the distance of P" from P over 
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that of P' from P as measured by P. Rearranging the terms in the 
last equation we have the addition law of distance : 

rp " — rp> + r'pn. (3 5—8) 


Now, as P" is equivalent 


T4 


= T z + 


UJ JL 

f 

Tptt 




T 3 


= r 2 ' + 


i 

rp>» 


(35-9) 


Combining these equations with (35-6), (35-7) and (35—8) we find 
that t 3 ' = t 3 . But T3" = r 3 as P"’s clock is synchronous with P’s. 
Hence r 3 " = t 3 ', proving that P"’s clock is also synchronous with 
that of P'. 

We have shown in (35-5) that the local time of an event at P' or P" 
is identical with P’s extended time of the event. Hence there is no 
need of distinguishing between the local time of an event at one of the 
particle-observers and the extended time of the occurrence of that 
event in the experience of one of the other particle-observers. We 
may time distant events at P' or P" by means of the extended time t 
of P, secure in the knowledge that the local time of the event is the 
same as P’s extended time of the event. 

Furthermore we have shown that the distance between P' and P" 
as computed by either of them is the same as the excess of the distance 
of P" from P over that of P r from P as calculated by P. Conse- 
quently we may introduce a distance scale with P as origin and employ 
only distances as computed by P. Then rp>> — rp> is the distance of 
P" from P' as measured by any one of the three particle-observers. 
Distances such as rp>> — rp> may be said to constitute the extended 
space of P. All time and space measurements made in the extended 
time and extended space of P are identical with those made locally by 
any one of the observers concerned and may be substituted therefor. 

It follows from the theorems proved in this article that we can 
adjoin to any particle-observer P a dense linear assemblage of par- 
ticle-observers P', P", P'", • • • at rest relative to P and synchronous 
with P. Each one of these particle-observers is at rest relative to 
every other and synchronous with every other. The aggregate of par- 
ticle-observers, therefore, forms a linear reference system. As all time 
and space measurements made in the extended time and space of P 
are identical with those made locally by the particle-observers con- 
cerned, we may refer to the extended time and space of P as the time 
and space of the reference system. 
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Although a group of particle-observers at rest relative to any 
given particle-observer may be adjoined to the latter so as to form 
a linear reference system, it does not follow necessarily that the ref- 
erence systems adjoined to two equivalent particle-observers in rela- 
tive motion are homogeneously equivalent. Such is the case when the 
two equivalent particle-observers have a constant relative velocity, 
but not when they have a constant relative acceleration, as will be 
shown later. 

It should be noted that the equivalence of two distant particle- 
observers does not completely determine the time scale of either. If, 
for instance, the two particle-observers P and P f whose world-lines 
are portrayed in Fig. 28 are assigned clocks which satisfy the condi- 
tions 

‘Tn+l = T n f + k , t'ti+ 1 — Tn + ky 

where k is a constant and n any real number, these particle-observers 
are equivalent, whatever monotonically increasing set of numbers are 
assigned to the times of events occurring in the interval extending 
from ti to T3. Furthermore the two particle-observers are relatively 
at rest, as is seen by comparing with (35—3), which shows that k — r/c. 
Therefore any two particle-observers whose world-lines do not inter- 
sect can be furnished clocks which will make them equivalent and 
relatively at rest, and this may be done in an infinite variety of ways. 
Nevertheless, however different the rates of different pairs of clocks 
which accomplish this purpose may be, every pair must make the time 
intervals r n + 2 — T n the same, for each such time interval is equal to 
2r/c by (33—1). Therefore the equivalence of the two particle- 
observers enables them to divide their time scales into equal intervals 
of magnitude 2r/c, leaving any further subdivision arbitrary. The 
interval 2r/r, however, becomes smaller the nearer together the two 
particle-observers. So, in the case of a dense assemblage of synchro- 
nous particle-observers relatively at rest, such as constitutes a refer- 
ence system, the time scale of each particle-observer is completely 
determined. 

In one-dimensional space, however, we may associate more than 
one distinct reference system with a single particle-observer P , since 
any pair of particle-observers whose world-lines do not intersect may 
be provided with clocks which make them equivalent and relatively at 
rest. For instance, let P' and P" be two particle-observers whose 
world-lines cross each other, but do not intersect that of P. Then we 
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can provide P and P' with synchronous clocks which make them rela- 
tively at rest and build up an associated linear reference system. But 
we can do the same with P and P" by means of another pair of clocks. 
Two such reference systems, associated with a single particle-observer, 
however, are not in general homogeneously equivalent. In a three- 
dimensional space, where we are concerned only with reference sys- 
tems having the same geometry, no such arbitrariness exists. 

36. Particle-Observers in Uniform Motion in a Space of One 
Dimension. — Let P' be a particle-observer moving with a velocity 
constant in magnitude and direction relative to a second particle- 
observer P. In the notation of article 33 the equation of motion of P ' 

relative to P is , . / s \ 

r 2 = v 2 (t 2 — t 0 ), (3 6-1 ) 

where to is the time at which P' passes P. Since r 2 as defined in 

article 33 is essentially positive, v 2 — v , where v is a positive con- 

stant, for t 2 > / 0 , and v 2 ~ — v for t 2 < to. This is in agreement with 
the convention of article 33, according to which the velocity of P' 
relative to P is positive when P' is receding from P, and negative 
when P' is approaching P. When P' passes P, v 2 changes sign, 
although its magnitude remains the same. 

Putting §<t(t3 — ti) for r 2 and §(r 3 + ti) for t 2 , equation (36—1) 

becomes , 0 

r^-Jo _ l_+J a _ (36-*) 

1-1 - A> I - 02 

This equation can be split into the two equations 

a/ I — — t 0 ) = a/ I + f3 2 (r 2 — to), 

a/ I — /3 2 (r 2 — t 0 ) = a/ I + ^ 2 ( r 1 ~ to). 


( 3 6 - 3) 


in which r2 is the same function of t\ as r 3 is of t 2 , thus establishing 
the equivalence of P and P'. This pair of equations may also be 
written 

r 2 ~ to 


tz 


t 0 = 


VI 


+ 

P 2 c ’ 


. T 2 — to r 2 
r l — t 0 = —y== — — , (36-4) 
A/ i — (3 2 C 


where /3 = v/c, since ( 3 2 2 — / 3 2 regardless of the sign of v 2 . 

Adding the two equations (36—4), we find for P’s extended time of 
the event t 2 

*2 — h = § { ( r 3 — to) + (ti — t 0 ) } = -? * 

A/ 1 — j3 2 


( 36 - 5 ) 
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Since r 2 ' — r 2 + k, where k is a constant which is zero if the two 
particle-observers are synchronous, the relation between P’s extended 
time of the event r 2 / and P'’s local time of the same event is 


^2 — h 


— V , _ dr 2 
V7=J2’ 2 “ ’ 


(36-6) 


where /</ = + k. 

If we plot r 3 against t 2 , or r 2 against r ly we get the graph shown in 

Fig. 30, which shows a dis- 
continuity in the slope due 
to the change in the sign of z> 2 
but none in the function at 
the instant of coincidence of 
P and P'. 

It was shown in article 
33 that the velocity of P rela- 
tive to P' as computed by P' 
and the velocity of P' rela- 
tive to P as computed by 
P are the same at corre- 
sponding times. Therefore the 
two velocities have the same constant magnitude. 

In addition to the two equivalent particle-observers P and P' 
moving with constant relative velocity we shall now introduce a third 
particle-observer P" moving with constant velocity vp>> relative to P 
and therefore equivalent to P. We shall show that the velocity Vp> > 
of P" relative to P' is constant and therefore that P" is equivalent to 
P' as well as to P. Next we shall show that the same clock which 
makes P" equivalent to P makes him equivalent to P'. Finally we 
shall obtain the addition law of velocity. In order to make our nota- 
tion consistent throughout, we shall designate here the velocity of P' 
relative to P by vp> and that of P relative to P' by vp ' . As shown 



above vp' = vpr. 

Consider the interlocking signals r 1 — * r 3 " and t 3 " — * 7-5 of Fig. 31 . 

By (33-9) we have dr& _ j + 

I — j3p" 


(36-7) 


and 


d.T\ 1 *4“ j3p" 
1 — j3p// 


where j3p// = vp>>/c is constant by hypothesis. 


(36-8) 
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Now as P and P' are equivalent, 

' dr<^ d,T2 /i ~t~ ftp> drs dr § / 1 — f- ftp’ 

dr\ dr\ * I — ftp/ 5 dr± dr 4 * I — j Qpt * 

from (36-3). But 

dr± dr\ dr^ dr\ I + ft p >> I — j 8 p/ 

dr% dr& dr\ dr 2 I — ftp" I + J^P' 

Comparing with (36—8) we find 

1 -j- ftp" 1 * 4 " ftp" 1 — ftp' 

1 — ftp " 1 — ftp" 1 + ftp' 



(3 6 -9) 


which shows that j S'p" and therefore vp" is constant. Hence P" is 
equivalent to P' as well as to P. 

All that remains is to show that the clock furnished to P" to make 
him equivalent to P also makes him equivalent to P that is, in 
accord with the definition in article 33, to show that At 3" = A 1-3', 
where t 3 ' is the time at P f corresponding to r 3" at P". Let r 3 be the 
time at P corresponding to r 3 " at P r \ although not necessarily to r 3 ' 
at P'. Applying (36 — 3) first to P and P" and then to P r and P", we 

have 

dr% / r Hh ft_p^_ 

dr\ * I — * ftp” 

and 

djz_ _ / t -f~ ftp" 
dr% * I — ftp" 
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From the latter 

dr 2! dr f drf 
dr\ dr f dr\ 



1 4~ ftp 
I — jS p 


/ / 


/ / 



+ ftp' 
— /3 pf 


v 


1 4~ ftp 

1 — ftp 


/ f 


tt 


with the aid of (36—9). Hence dr f = dr^. But </t 3" = ^7-3 as P ,n s 
clock is equivalent to P’s. Consequently drf' = ^3' and Ar3" = 
Ats'. It may be remarked that if the clocks of P' and P" are set to 
be synchronous with the clock of P they will not be synchronous with 
each other except in the case where P' and P" pass P simultaneously. 

We may write (36-9) in the more symmetric form 


I — ft pn I — (5pr I — ftp// 

I -(- j Qp'f i 4“ ftp/ I 4“ l 3jpf* 


(36-10) 


where each ft is positive if the particles concerned are receding and 
negative if they are approaching. This is the addition law of velocity 
obtained by Einstein 2 in 1905. Solving for vp>> it assumes the more 
usual form 


Vp'f 


vp> 4~ v'p" 

. 

vp> Vpn 

I 4 5T- 


(3 6 - 11 ) 


As the particle-observers are equivalent, v'p = vp”> vp ' = vp> and 

n / 

Vpr — Vp". 

From (36—10) it is clear that if the positive magnitudes of both 
($p> and ftp// are less than unity, that of ftp// is less than unity. There- 
fore the addition of two velocities less than c always results in a 
velocity less than c. Relation (36—10) can be extended immediately 
to the case of any number of equivalent particle-observers P, P', P", 
P'", * • *P^ moving with constant relative velocities. The velocity of 
P (n) relative to P is given by 

I — j3p(»0 I — ftp* I — ftp" I — ftp'" 1 — ft/Hn) 1 ^ , s v 

1 4~ 1 3p(«) 1 4~ ftp' 1 4~ ftp" 1 4” ftp'" 1 4“ y ^ 

where the ft's, as before, may be either positive or negative according 
as the particles concerned are separating or approaching. 

As proved in article 35 we can adjoin to each of two equivalent 
particle-observers P and P' who have a constant relative velocity 
a dense linear assemblage of synchronous particle-observers relatively 

2 A. Einstein, Ann. d. Phys. 17, p. 891 (1905). 
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at rest. Each such assemblage constitutes a reference system. Fur- 
thermore we have just shown that a third particle-observer P" mov- 
ing with constant velocity relative to P has a constant velocity rela- 
tive to P' and is equivalent to both P and P'. If the velocity vp „ 
of P" relative to P is made equal to the velocity vpr of P' relative to 
P, the velocity of P" relative to P' becomes zero and P" becomes one 
of the particle-observers in P" s adjoined reference system. Conse- 
quently the reference systems adjoined to P and P' are homogene- 
ously equivalent, that is, each particle-observer of the one is equiva- 
lent to every particle-observer of the other. Altogether we can con- 
ceive an infinity of such homogeneously equivalent reference systems 
having velocities ranging by infinitesimal steps from — c to c relative 
to any selected system. We shall denote the reference systems associ- 
ated with the particle-observers P, P', P", • • - by S, S', S", ■ • • 
respectively. As each particle-observer in one reference system has 
the same velocity relative to every particle-observer in any other, we 
may speak unambiguously of the velocity of one reference system 
relative to another. 


Problem 36a . Show that the solution (36—3) of (36-1) is unique. 

Problem 36b. Particle-observers P' and P" have different constant veloci- 
ties relative to P. Show that it is impossible to make the three particle- 
observers synchronous each with each unless they meet simultaneously. 


37. Lorentz Space-Time 
Transformation in One-Dimen- 
sional Space. — Consider two 
synchronous particle-observers P 
and P' moving with constant 
relative velocity v. Take P as 
origin of an associated reference 
system S and P' as origin of an 
equivalent associated reference 
system S", the coordinates x and 
x' in S and S' respectively being 
measured positive in the direc- 
tion of the velocity of S' relative 
to 5 . Let Ot and Ot' (Fig. 32) be 
the world-lines of P and P' re- 
spectively. We wish to find the 
relations between P’s and P n s 
specifications of the position and 
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Let us take the moment when P' passes P as the zero of their 
synchronous local times. Then t 0 = o in (36-3) and, as corresponding 
times at P and P' are the same, these equations give for the signals 
indicated in the upper part of the figure 

Vi - 0 r 5 = Vi + is t 4 ', Vi - 0 r 2 ' = Vi + j 8 n, ( 37 - 1 ) 


where /3 = o/r. The same equations hold for the signals shown by 
broken lines in the lower part of the figure, sent and received while P f 
is approaching P, that is, when the local times are negative. 

Now P n s estimation of the distance x' of the event £>i is 


x' = — r 2 ') 




- 0 


+ £ 


r 5 — 




+ 0 


Tl 



T i) ~ i^( T 5 + n) } , 


and P'’s extended time of the event Q\ is 


t' = iCV + T2O — i 

1 



1 ~ g 

1 + /3 


^5 + 


V— 

v I — 


0 

0 


Tl 


V i — ^ 


{iOs 4- ri) — i^(r 6 — rx)}. 


Since # = §c(r 6 — ti) and t = J(r 5 + ri) these become 


at = 


/' 


v: 




(a; — 1 ;/), 


1 A P \ 

, : ■ - \ t X J 

i - Q 2 \ C ) 


Vi — 

Similarly, or by solving (37-2) and (37-3) for * and /, 

(X' + Vt')y 


X = 


t = 


Vi - j8 s 


V : 


- — (V + - x'Y 

- 0 2 V c / 


(37 -2 ) 

(37-3) 


(37-4) 

(37-5) 


As the extended distances and times measured by P and P' coin- 
cide with the distances and times measured locally in their respective 
reference systems, we can interpret the symbols in these equations in 
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terms of measurements made by their associated particle-observers at 
the point and time of occurrence of any event. This will be our 
general procedure henceforth. The group of equations (37-2) to 
(37-5) comprise the Lorentz space-time transformation? We shall 
consider some of their implications. 

First, consider a rod at rest in system S' . Let x a ' and xf be the 
coordinates of the two ends a and b of the rod relative to S'. Then 
xf — x a ' is the length of the rod as measured by any particle-observer 
in S'. The length of the rod as measured by any particle-observer 
in S is naturally defined as the difference Xb — x a of the coordinates 
of b and a in S at a given time t. From (37-2), then, 

x b - x a = V 1 - ft 2 (xf - x a ') 3 (37-6) 

which shows that S”s measurement of the length of the rod is less 

than S"s in the ratio VT~— /3 2 : 1. 

We say that a rod remains rigid when transferred from one refer- 
ence system to another if it maintains the same length relative to the 
second reference system that it had originally relative to the first. 
Therefore a rigid rod suffers a contraction in its measured length when 
it is set into uniform motion relative to the observers of a reference 
system of the type we are discussing. This shortening is known as 
the Fitzgerald-Lorentz contraction . 

Next let us rate a clock at rest in S' by means of the mutually 
synchronous clocks in S with which it comes into coincidence in the 
course of its motion. As x' remains constant, we need (37-5), which 
gives 

h “ t a = Ob ~ tf) (37-7) 

Vi - j 3 2 

for the relation between the time interval tf — tf on the clock at rest 
in S' and the time interval tb — t a measured by the clocks in S by 
which it passes. We conclude, therefore, that a clock in uniform 
motion relative to a reference system of the type which we are dis- 
cussing runs slow in the ratio Vi — f 2 : 1 as compared with mutually 
synchronous, equivalent clocks at rest. 

From our definition of rigidity it follows that, if a rigidly built 
clock of S' is transferred to S', it will run at the same rate as the clocks 
of S'. For the simplest type of clock consists of a rigid bar provided 

3 H. A. Lorentz, Proc. Acad. Sci. Amsterdam, 6, p. 809 (1904). 
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at its two ends with mirrors between which a light-signal passes back 
and forth. As the bar maintains its original length when transferred 
from one system to another, and the velocity of light is the same in 
each, it is evident that a clock of S constructed in this manner will 
run at the same rate as the clocks of S' when transferred to S'. Hence 
the same must be true of any type of rigid clock. Consequently, 
when such a clock is given a uniform motion relative to S, it runs 

slower as rated by S in the ratio \/ 1 — j 3 2 : i than when at rest in S. 

Obviously the effects described are entirely reciprocal, that is, 
the measured length of a rod in S is less as determined by observers 
in S' than as determined by observers in S, and a clock in S runs slow 
as rated by clocks in S'. 

From (37—2.) and (37—3) we find that 

x ' 2 — c 2 t ' 2 = x 2 — c 2 t 2 , (37-8) 

and also that 

dx ' 2 — c 2 dt ' 2 = dx 2 — c 2 dt 2 . (37 — 9) 

These quadratic expressions are invariants of the Lorentz transforma- 
tion. The second measures the space-time interval between two 
nearby events. Although it is an invariant for reference systems 
moving with constant relative velocity we shall see later that it is not 
an invariant for reference systems moving with constant relative 
acceleration. 

In Fig. 32 we have shown one line of constant x', namely the 
world-line Ot' of the particle-observer P' located at the origin ( x ' = o) 
of S'. From (37-2) we see that all lines of constant x', that is, world- 
lines of particles at rest in S', are straight lines parallel to Ot'. A 
more convenient diagram is obtained by taking x and ct as coordinates 
in system S, as in Fig. 33. Then lines of constant x' , such as the 
world-line O-cT' of P', make the angle a = tan -1 /3 with O-ct , and, 
from (37-3), lines of constant such as OX', make the same angle 
with Ox in the opposite sense. If, therefore, we locate an event Qi 
in the space-time of S by means of the rectangular coordinates x and 
ct, this event is located in the space-time of S' by the oblique coordi- 
nates X' and cT' . Of course we might just as well have used rec- 
tangular coordinates to locate events in the space-time of S', in which 
case it would have been necessary to employ oblique coordinates with 
an obtuse angle between the a xes t o locate the same events in the 
space-time of S. The interval Q1Q2 between two events Qi and Q2, 
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then, is resolved differently into space and time components accord- 
ing to whether the events are described in terms of the space-time of 
S’ or in terms of that of S'. 

To find the relation between x' and X\ t ' and T', we must com- 
pare the geometrical transformation 

x = X f cos a -f- cT f sin a, 


ct — cT' cos a 4- X' sin a, 


of the coordinates used in Fig. 33 with the Lorentz transformation 
(37“4) and (37-5). We find 


x' = X 




£' = T 



1 — j3 2 
1 + £ 2 5 


(37-10) 


et cT' 



Fig. 33. 


showing that the distance and time scales are larger in S' than in S. 
In the limiting case = 1 the scale in S' becomes infinite, that is, 
any two events which are separated by a finite interval in S become 
coincident in S'. Thus, to an observer traveling with a velocity 
approaching that of light from a distant star to the earth, the dis- 
tance traversed and the time consumed both approach zero. 

When S' has a velocity approaching the limiting velocity c relative 
to S, a approaches tt/ 4 and the X' and cT' axes in Fig. 33 approach 
coincidence. Let us designate an observer at the origin O (Fig. 34) 
of S at the time t — o as Hcre-Now. If, then, we draw the broken 
lines through the origin at 45° with the axes, these lines divide space- 
time into an absolute future and an absolute past, an absolute right 
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and an absolute left, with respect to the origin Here-Now. For, 
while there exist reference systems for which event Q\ occurs to the 
right of, at the same place as, or to the left of 0, there is none for 
which Qi does not occur later in time than 0 . On the other hand, a 
reference system can be found for which Q2 occurs earlier than, at the 
same time as, or later than 0, but none for which Q2 does not occur 
to the right of O. Similarly Qz lies in the absolute past and Q± 
to the absolute left of O. 

The space-time diagram we have been discussing was proposed 
by Minkowski 4 in 1908. A more convenient geometrical representa- 
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tion, introd uced by the same author, employs x and the imaginary 
time / h= •>/ — jet as coordinates. In terms of these variables the 
Lorentz transformation (37-2) and (37-3) becomes 


x' = 


V73 


& 


X " 4 “ 


ij8 






h 


( 37 ~ 1 


where i = 





x. 



4 H. Minkowski, Phys. Zeits. 10, p. 104 (1909). 


( 37 -! 2 ) 
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we may put cos y = i/V^T — |3 2 5 sin 7 = — i/S/V^ i — jS 2 . Then 
these equations become 

x r = x cos y — 1 sin y 3 
V = / cos 7 + a; sin 7, 

exhibiting the transformation in the form of a pure rotation without 
change of scale in which the axes are turned through the imaginary 
angle tan" 1 ( — i/3). The interval ds between two nearby events is 
given by the invariant 

ds 2 dx ' 2 -f- dV 2 = dx 2 -f" dl 2 y (37“ _I 3) 

which is equivalent to (37-9). The quantity ds is called the metric 
of the xl representative space. 

Since the Lorentz transformation consists merely of a rotation 
of the axes without distortion in the xl space-time, we can employ 
the methods and theorems of Euclidean vector analysis. This we 
shall have occasion to do in considerable detail later on. 


Problem 3ja. 
the form 


Show that the Lorentz transformation can be expressed in 
x' = .v cosh 6 — ct sinh 6 y 
ct' = ct cosh 6 — x sinh 9, 


where tanh 6 = /3. Also show that the radius vector from the origin to any 
point on the equilaterial hyperbola £ 2 — r\ l — r gives the scale factor for the 
system S' (Fig. 33) whose velocity relative to 5 is given by the tangent of the 
angle which the radius vector makes with the $ axis. 


38. Transformations for Velocity and Acceleration between 
Linear Reference Systems with Constant Relative Velocity. — In 

order to complete our discussion of the motion of an arbitrary moving- 
element M relative to two equivalent one-dimensional reference sys- 
tems S and S\ the latter of which has a constant velocity v relative 
to the former, we need to find the relations between the velocities 
and accelerations of M relative to S and S'. Denote by V and J 
the velocity and acceleration respectively of M relative to S, and by 
V ' and j r its velocity and acceleration relative to S'. From the 
Lorentz transformation (37—2) and (37—3) we have 
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Hence 


dx f 


/- - - 0 (dx — vdt), 

Vi - p 2 




dx — vdt 



V - v 

V’ 

i ~ fi ~ 


V = 


V 1 + V 

V ’ 

i + 0 — 


(38-i) 


(38-2) 


where the second relation can be obtained independently from (37-4) 
and (37-5) or by solving the first for V. As would be expected, these 
relations are identical with (36-11). From (38-1) and (38-2) 


dd_ 

dt 


V 

1- P — 


Vi - j3 2 


Vi - /8 2 

V' 

I + p — 



(38-3) 



(38-4) 


is an invariant differential operator. For our purposes, however, the 
alternative relation 


d 
dt ' 


V 


i — ff 2 d_ 

V dt 

- p — 

c 


(38-5) 


is more convenient. Applying it to (38-2) we find for the acceleration 


/ = 


dV 

dt’ 


(1 - P 2 ) 


2 \H 


2 \U 


(— 9 


5/. / = 


(1 - is 2 ) 5 

(■« t ) 


(38-6) 


Just as (38— 2) can be written in the more symmetrical form 


V 

V 

I — — 

X — 

c 

1 — P c 

V ~ 

I + P V' 

1 + - 

c 

1 H 

C 


(38-7) 
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so (38—6) may be written 


/ y2\9* 


1 — 


r 

y* a\«' 
’ "7Y 1 


( 38 “ 8 ) 


The invariant 


0 = 


f d 

V 

( V 2 \ % dt • 

I V 2 

V ~ 77 I- 

V 1 c 2 \ 


(38-9) 


which has the same value relative to all equivalent reference systems 
having constant relative velocities, we shall call the relativity 
acceleration. It is identical with the Galilean acceleration in the 
reference system in which the moving-element is momentarily at rest. 

Constant Acceleration. If the relativity acceleration of a moving- 
element is constant. 


V = c 


<b 

~ (/ - /o) 

c 


si 1 +~2 


(38-10) 


(/ - ‘a ) 2 


provided V — o when t = t 0 . This can be put in the simpler form 

. j.2 


= 1 H — 2 (/ — ^o) 2 * 


(38-11) 


1 — 


Integrating (38—10) a second time, 


at — ^0 


<t> l 


I + 17 “ /o) “ 1 ( > 


(38-12) 


where #0 is the smallest value of a;, which is attained when t — t 0 . 
For small values of t — to this reduces to the Galilean expression 


* — x 0 = \ \<t>{t — to) 2 . 


It should be noted that, while x — ,v 0 increases without limit with 
t — to, y never becomes greater than c. 
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Energy Equation. If the relativity acceleration <j> of a moving- 
element is any function of x } (38—9) gives 


I V 2 

V 1 - Jr 


?/ 


<j> dx = Constant. 


(38-13) 


This is the energy equation . The expression repre- 

sents the kinetic energy per unit mass on the relativity theory, and 

— f 4 > dx the potential energy per unit mass. The relativity kinetic 

energy for V <$C c differs from the Newtonian expression by the 
additive constant r 2 , since 

= c 2 + 


r 

A / 1 


v 2 

.2 


So far as concerns change of kinetic energy, however, which is all that 
is physically measurable, the two are identical for small V. Indeed 

our selection of r 2 /V / 1 — Ja^Jc 2 to represent the relativity kinetic 
energy is purely a matter of convenience: we might have appended 
the constant —c 2 so as to make the relativity expression reduce to 
the Newtonian expression for small V if we had so desired. 

For the case of constant <£ treated above (38— 13) gives 

1 

== = I + ^ (* - X 0 )> (38-1 4) 



which could have been obtained equally well by eliminating t — 
between (38— 11) and (38—12). 

Inverse Square Acceleration. If the relativity acceleration cj> 
varies inversely with the square of the distance x from the origin of 
the observer’s reference system, so that 4 > = a/x 2 ^ (38—13) gives 





provided V = o when x = xq. 

39. Particle-Observers Moving with Constant Relative Accelera- 
tion in a Space of One Dimension. — We have in (38-12) the inte- 
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grated equation of motion of a particle-observer P' moving relative 
to a second particle-observer P with constant relativity acceleration 0. 
Let us now investigate the possibility of the equivalence of P' and P. 
In doing so we shall limit ourselves to the case where x 0 = / 0 = o in 
(38-12), that is, to the case where P' meets P at time t = o and then 
recedes from P in the direction from which he approached, without 
passing. 

In terms of the notation of article 33, (38—12) becomes 


1 + ? rz 


-v 


, <t> * 2 

1 H 2 

c 


(39-1) 

and if we put ti) for r% and ^(7-3 ri) for / 2 as usual we get 

1 1 < f > 

7t “ T z = 7 5 ( 39 ~ 2 ) 

which may be split into the two equations 


1 

r 2 


I 

T 3 


1C 


I 

T 1 


T 2 


0 

2*7 


(39-3) 


thus establishing the equivalence of the two particle-observers. 

Now consider a third par- 
ticle-observer P" who has a 
constant acceleration <f> rela- 
tive to P, and who meets P at 
the same time as P' does 
without passing. Then P" as 
well as P' is equivalent to P. 

We wish to prove that the 
acceleration of P" relative 
to P' is constant and therefore 
that P" is equivalent to P' 
as well as to P. We shall 
make both P' and P" synchronous with P by taking r = r' = 
t " == o at the instant of meeting. For uniformity of notation we 
shall denote the acceleration of P' relative to P by <i>pr. 

Consider the interlocking signals r% — 
in Fig. 35. From (39-2) 

I I 



1-3" and T3" — > 7*5 shown 


7*1 


Tn 


( 39 - 4 ) 
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and, from (39-3), 

1 1 4>P' 1 1 4>p f 

Ti 1C ’ T4 Tg 1C 5 

since P and P 7 are synchronous. Combining, we get 

I I 4>P f 

- - = 

r 2 T 4 C 

• 1 

which shows that P 77 has the constant acceleration relative 

to P 7 . The addition law of acceleration is, then, 

4>P" = 4>p f + <t>p' f . (39 — 1 6 ) 

Since P" has a constant relativity acceleration relative to P 7 he is 
equivalent to P f . All that remains is to show that the clock which 
makes P" synchronous with P also makes him synchronous with P 7 , 
that is, to show that the local time rf at P' corresponding to 7-3" at 
P" is identical with the local time 7-3 at P corresponding to t 3 ' 7 at P". 
For then t 3 " = r 3 ', since t 3 ' == r 3 and t 3 " — r 3 on account of the 
synchronism of both P 7 and P" with P. 

From (39-3) we have 

1 1 p 

T\ T 3 1C * 

and 

I I <p pt f 

r 2 / rf ic 

Using these two relations to eliminate ti and rf from the first 
equation of (39-5), we find, with the aid of (39-6), that r 3 ' = r 3 , 
as required. 

Returning to the two equivalent particle-observers P and P 7 
described by equations (39-3), we can adjoin to each a dense linear 
assembly of synchronous particle-observers constituting a reference 
system, as proved in article 34. We wish, now, to find the space- 
time transformation which enables us to pass from the space and time 
specifications of an event Q (Fig. 36) in the reference system «S 
associated with P to those in the reference system S' associated with 
P 7 . We shall take P and P 7 as origins of distance scales measured 
positive in the sense of the acceleration cf> of P 7 relative to P, and shall 
take the time at P and P 7 to be zero when they coincide. This makes 


(39-5) 
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the two particle-observers synchronous. For the signals indicated in 
the figure, we have, by (39-3), 



Fig. 36. 


So P n s estimation of the distance of the event Q is 



and P n s extended time of Q is 




io8 

If we put 


THE PRINCIPLE OF RELATIVITY 


d>X _ <£/ 

£ = 1 + ~ 2 > ' ^ ~ > 

1c 1C 






2<T 


2 5 


T' = ^ 

2f 5 


which amounts to taking a new origin in S at —ic 2 /<f>, and a new 
origin in S' at 2c 2 /<£ combined with a change in sense of the axis, these 
relations take the simpler form 


£' = 

T' = 


^2 5 

X 


{ a - X 


2 5 


£ = 
T = 


r 


£/2 * 

T" 


^/2 _ rp 


f‘2 3 


(39-7) 


where the equations in the second column are obtained from those in 
the first by solving for £ and T. 

This transformation gives 


and yields the invariants 


T' 


and 


£ 


/ 2 


’/2 


X' 2 ) = 

I, 

( 39 - 8 ) 

T 

£* 


(39-9) 

dx 2 — 

(?dt 2 

(39- 10 ) 

£ 2 ~ 



Unlike the Lorentz transformation discussed in article 37, the space- 
time interval dx 2 -c 2 dt 2 is not an invariant for this transformation. 

By differentiating (39-7) with £' held constant, it is found that the 
velocity v relative to S of a point fixed in S' is given by 


v i£T 

13 = ~c ~ f + X 2 ' 


( 39 -”) 


When t = o, then, all points in S' are simultaneously at rest in S. 
Differentiating (39-11) to find the acceleration of a point in S', 



( 39 — ia ) 
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A particle-observer in S', therefore, has a constant relativity acceler- 
ation £'<£ relative to S. In terms of the coordinate measure of S, this 
is an acceleration 



( 39 _I 3 ) 


for a particle-observer in S' at £ at time /. At the instant t = o when 
all particle-observers in S' are at rest relative to S, this reduces to 
<t>/ £• 

It is of interest to note that even when the two reference systems 
S and S' are relatively at rest space and time measurements do not 
agree except at the common point occupied by P and P' . For 
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from (38-7) when /==/' = o. Hence S and S' are not homogeneously 
equivalent. 

Evidently we may conceive of an infinity of reference systems 
S, S', S", • • - formed by adjoining assemblages of particle-observers to 
the equivalent particle-observers P, P', P" , - • - which have constant 
relative accelerations of arbitrary magnitudes and which meet simul- 
taneously without passing. 

40. Three-Dimensional Reference System. — In three-dimen- 
sional space light-signals dispatched from a particle-observer consist 
of diverging wave-fronts. When we say that two particle-observers 
are relatively at rest we mean merely that the distance r% between 
them does not change. Consequently, if P' is a particle-observer at 
rest relative to another particle-observer P, we prove that the two are 
equivalent just as in article 35, and, if we suppose them to be provided 
with synchronous clocks, we show that the extended time of the one 
at the other coincides with the local time of the other. 

We wish now to investigate the possibility of adjoining a reference 
system to an arbitrary particle-observer P. Let P be located at 0 
(Fig. 37) and let a synchronous particle-observer Pa at rest relative 
to P be located at A. As corresponding times at the two particle- 
observers are identical, we need not differentiate between them. Let 
signals dispatched from P and Pa at time t\ be received by the other 
particle-observer at time r 2 and immediately returned, each signal 
reaching the particle-observer with whom it originated at time 7-3. Let 
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Pb be a third particle-observer at rest relative to P at a point B at the 
same distance r from P as A. Then the signal dispatched from P at 
time ti reaches Pb as well as Pa at P’s extended time 1 2 = T2, and a 
signal immediately returned from Pb will be received by P at the same 
time 7-3 as the one immediately returned from Pa at A. Now consider 
a particle-observer P r who is at A when Pa dispatches his first signal 
(time 7*1), at B when P's first signal reaches him (time 1 2 = T2) and at 
some other point C equi-distant from P when P’s second signal arrives 
(time tz — T3) . Provided P' always remains at the same distance r 
from P, we can furnish him with a clock which is equivalent to and 
synchronous with that of P, no matter what his motion of rotation 
about P may be. All that is necessary is that P ° s clock shall assign 




Fig. 37. 


Fig. 38. 


the values ti, T2 and t$ respectively to the three events enumerated, 
and to all such series of events. 

Now let P' and P" (Fig. 38) be two particle-observers at rest at 
equal distances r from P and synchronous with P. Let P" also be at 
rest relative to P' at a distance r' from him. The characteristics of 
the clocks of P' and P" are fixed by the condition that they are syn- 
chronous with the clock of P. They may not, however, be synchro- 
nous with each other. To test this matter, we dispatch signals from 
each toward the other at the identical times ri'= ri". Suppose the 
reception of the signal at P" occurs earlier than that at P'. Then by 
giving P' and P" together a rotation in the sense P'P" about P we 
can delay the reception of the signal at P" and hasten that at P' until 
the two times become the same, without disturbing the synchronism 
of P’ and of P" with P. In this way we make P' and P" synchronous 
with each other as well as with P. Then the distance of P' from P" 
as measured by P" is equal to that of P" from P' as measured by P'. 
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Next let P" f be a third particle-observer at rest at a fixed distance 
r from P, a fixed distance r' from P', and a fixed distance r" from P". 
If P rn is synchronous with P he is also synchronous with P f since all 
particle-observers lying on the intersection of the surface of radius r 
about P and the surface of radius r' about P r which are synchronous 
with P are also synchronous with P’ . However it may happen that 
P ,n is not synchronous with P" . In this event we can give P" and 
P ,n together a rotation about P' along the curve P n P rn sufficient to 
make them synchronous with each other without destroying their 
synchronism with P and P' . 

This is as far as the procedure adopted will take us. As a reference 
system is a dense assemblage of equivalent particle-observers filling 
all space such that each is at rest relative to and synchronous with 
every other, it is clear that we cannot associate a reference system 
with any arbitrary particle-observer. In this respect the three- 
dimensional case differs from the one-dimensional case. However, 
with certain particle-observers we may be able to associate reference 
systems. In such cases it becomes important to investigate the 
geometry of the reference systems discovered. As we have established 
a convention for measuring distance, the geometry of a reference sys- 
tem is something to be investigated empirically in any given physical 
case, by comparing the measured length of the circumference of a 
circle with the measured length of its diameter, and so forth. The 
geometry of a reference system is a matter of measurement, not a 
matter of convention. 

In any small region, such as that occupied by the laboratory, we 
have no difficulty in establishing the existence of one reference system 
whose geometry is Euclidean within the limits of the most refined 
measurements which are available to us. We shall be particularly 
interested in searching for other reference systems which have Euclid- 
ean geometry. Such reference systems, as we shall see, fall into two 
classes: those associated with particle-observers moving with con- 
stant relative velocity, and those associated with particle-observers 
moving with constant relative acceleration. Except for combinations 
of these two, no other classes exist. A reference system, for instance, 
cannot be associated with a particle-observer moving with constant 
speed in a circle relative to an established Euclidean reference 
system. 

41. Euclidean Reference Systems Moving with Constant Relative 
Velocity. — We shall consider a universe in which there exists a 
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Euclidean reference system -S, that is, a dense assemblage of syn- 
chronous particle-observers filling all space which are relatively at 
rest and have a Euclidean geometry. First we shall show that any 
particle-observer P' moving with a velocity v constant in magnitude 
and direction relative to S is equivalent to every particle-observer in 
<S. Next we shall prove that any two particle-observers P' and P" 
having the same constant velocity v relative to S are relatively at 
rest and equivalent. Then we shall show that if two particle-observers 
P" and P'", having the same velocity v relative to S as P', are syn- 
chronous with P', they are synchronous with each other. These 
theorems suffice to show that a dense assemblage of particle-observers 
all moving with the same constant velocity v relative to S constitute 
a reference system, which we shall designate by S'. Finally we shall 
prove that the geometry of S' is Euclidean. Hence, as each particle- 
observer of S' is equivalent to every particle-observer of S, -S and S' 
are homogeneously equivalent. 

Let P be any particle-observer of S and P' a particle-observer 
who has a constant velocity v relative to S. If h is the length of the 
perpendicular in S from P to the path of P\ the distance r 2 of P' from 
P at P’s extended time / 2 is given by 

^2 2 — h 2 V 2 (t 2 — A)) 2 * ( 4 I— i) 

Putting r 2 = ^c(r 3 — 7*1) and / 2 s -^(r 3 -f- r{) as usual, this may be 
written 

(1 - 0 2 )(t 3 — to) 2 - 2(1 + /3 2 )(t 3 - / O )0i — to) 

H-(i — (3 2 )(r 1 — to) 2 = ^4" 5 

c 

where j8 = v/c. If we put a 2 ^ A 2 (i — (3 2 )/v 2 this becomes 

H~ (t 3 — /p) 2 + t 3 — tp 1 — 1— /3 

^ H~ (ti — to ) 2 + Ti — to 1 /3 

from which it follows that 

^Z^ 2 ~1~ (t~ 3 — A)) 2 ~h t 3 — tp 

+ t 2 — 1 0 

H~ (t 2 — /p ) 2 + T 2 — to 

'S/ a 2 (ri — tp ) 2 + ti — to 


-4^. 

v i — j8 

’I — j3 


(41-2) 
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These relations can be written more conveniently in the forms 


Ts ~ '° - 2 { ra - / 0 + P Vs” + ( Ta - to) 2 }, 

T2 ~ to = V i - ^ TI “ '° + + ( T1 - / 0 ) 2 }> 

T 2 - '0 = V7~ _ fl2 { T 3 - '0 - /3 Va 2 + (t 3 - / 0 ) 2 } , 

Tl - = ^ 7 =^ 5 ( T 2 - '0 - 0 Vs ” + ( r 2 - /„)»}. 

Eliminating # by means of the relation 


■ (4i-3) 


r (41-4) 


we get 

T3 ~ 




v / ?T (t 2 — / 0 ) 2 


*o 


r 2 ^0 . 

V7^ + 7> 


ri — / 0 = 


t ~2 ~ A ) _ ^2 
\/i — I3 2 c 


(41-5) 


which aie identical with (36 4) for the one-dimensional case. Conse- 
quently both (36-5) and (36-6) are valid for the three-dimensional case. 

As P may be any particle-observer in S, we have shown that a 
particle-observer P' moving with constant velocity relative to S is 
equivalent to every particle-observer in S. 

Suppose now that P' is moving along the X axis of S. We shall 
associate with P a linear assemblage of particle-observers distributed 
along this axis, all of which are at rest relative to P' and synchronous 
with him. As shown in article 3b each of these particle-observers has 
the same constant velocity relative to S and is equivalent to every 
particle-observer of S lying on the X axis, and, in view of what we have 
just proved, equivalent to every particle-observer of S whether lying 
on the X axis or not. I he transformation (3*7—2) to (37 — 5) applies, 
then, to the linear assemblages of particle-observers constituting the 
coincident A and A r axes of iS 1 and S' respectively. 

Let Q t (Fig. 39) be an event occurring at the point at, y, z at the 
time / and let P/ be the position of P' in S at this time. If the 
cooi dinates of P relative to S at the time o are o, o, then at time t 
they are *vi +• vt, o, o. We want to determine the distance and time 
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of occurrence of the event Qt relative to P'. To do this we must send 
a light-signal from P' so as to arrive at Qt at the time t , and then 
return it immediately to P' . The signal, then, must leave P' at the 


Y 



time h when P' was at P' tv where t\ = / — n/c, and must return to 
P' at the time t z when P' will be at P' tv where I3 = t + r 3 /c. Hence 

n 2 = — xi — v (^t — ^ j + y 2 + z 2 > 

r 3 — | a: — xi — v(^t + j 4 - y 2 + 2 2 . 

Solving for r\ and r 3l 

&(x — X\ — vt) + V (x — x[ — O 2 + (x — ^ 2 )(j 2 + 2 2 3 
r i = ’ 

— 00 — XI — vt ) + V O — *1 — y/) 2 + (1 — W)(p + 2 ^) 

^3 = I - 0 2_ * 

and hence 


/ - - o - x{) - - vo - ati - y/) 2 + (1 - Wyy + 2 2 ) 

£■ C 




/ + 


r 3 

c 


t — - (x — x 1) + - (x ~X\ y /) 2 + (1 — p 2 )(y 2 + Z 2 ) 

C £ 

I - / 3 2 
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Consequently the local times of P' at P' h and P' h are respectively 


Tl = 


h — ~ C*i + vh) 
c 


Vi — / 3 2 

t — ~ x — — *\/ (x — xi — a/) 2 + (i — j8 2 )(y 2 + z 2 ) 


Vi — ^ 


_ / 

T3 = 


0 


*3 C^l + f/ 3 ) 


V i — / 3 2 

/ — - V(x — — y/) 2 + (1 — /3 2 )(y 2 + z 2 ) 


Vi - j 8 2 

and P'’s measures of the distance and time of the event are 

V(at — .vi — ^) 2 + (1 — ff 2 )(y 2 + z 2 ) 


r' . icin' - r x ') = 


Vi — / 3 s 


t' — i(rz + ri') = 


Vi — / 3 : 


, ( 41 - 6 ) 


( 41 - 7 ) 


Now suppose that the event < 2 t represents the passage through 
this point of a particle-observer P" moving in the X direction relative 
to S with the same constant velocity v as P'. If the coordinates of P" 
at time o are x 2 > y 2, z 2 > then, at time /, *■ = ,*2 + ttf, y = j2> z = z 2 . 
Hence the distance r' of P" from P' is 


r' = *i) 2 + j2 2 + z 2 2 , (41-8) 

^ I - 0 2 

which is independent of t. Consequently P" is at rest relative to P', 
and to make him synchronous with P' we must make his local time 
identical with the extended time of P', in accord with (35 — 5 )* Then 
the local time at P" is expressed in terms of t and x in S by (41-7). 

Next consider a third particle-observer P nr moving in the X 
direction relative to S with the same constant velocity v as P' and P". 
Evidently P f " is at rest relative to both P' and P". Designating the 
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coordinates of P', P" and P'" in S at time t by the subscripts i , 2, and 3 
respectively, the local times at these three observers are 

ti ' - v=p 

from (37—3)3 and, if P" and P nt are synchronized with P', 

, P 

t X2 

T2 ' = Vi 

and 

, P 

t 

Ts ' = Vi - T 2 

from (41—7). But the last is just the condition that P’" be syn- 
chronous with P" . Hence the three particle-observers are synchro- 
nous each with each, and we can adjoin to P' all particle-observers 
moving with constant velocity v relative to S to form a reference 
system of synchronous particle-observers relatively at rest. This 
reference system will be designated by S' and times and distances 
measured in it will be indicated by primes. Each particle-observer in 
S' is equivalent to every particle-observer in 5 . 

That the geometry of S' is Euclidean is seen immediately from 
(41—8), which is the Pythagorean theorem for S'. For we can con- 
struct a Euclidean mesh in S' which projects on S at a given instant / 
as planes parallel to the YZ , XY and ZX coordinate planes. Dis- 
tances measured in the Y and Z directions are the same whether 
determined in S or in S', while the distance in S between two points 
fixed in S' having the same Y and Z coordinates is less than that 
determined in S' in the ratio v/ 1 — ( 3‘ 2 : 1. 

Since the two reference systems S and S' have the same geometry 
and since each particle-observer of the one is equivalent to every 
particle-observer of the other, S and S' are homogeneously equivalent. 
Every particle-observer in S' has the same constant velocity v rela- 
tive to S, and conversely every particle-observer in S has the velocity v 
in the opposite sense relative to S'. We may speak of v , therefore, 
as the velocity of either reference system relative to the other. 
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42. Lorentz Space-Time Transformation, in Three-Dimensional 
Space. — Consider two equivalent Euclidean reference systems 
S and S' with a constant relative velocity. In S we shall embed a 
set of rectangular axes with origin at P and X axis in the direction of 
the velocity v of S' relative to S. Next we shall take the locus of all 
points in S' which move along the X axis of S as the X' axis of a set 
of rectangular axes in S', orienting the X' axis of S' in the same sense 
as the X axis of S. The Y' axis and the Z' axis of S' we shall take as 
the loci of those particles in S' which lie respectively on the Y axis 
and on the Z axis of S at the time t = o in S. Then the origin P' of 
X'Y'Z' coincides with the origin P of XYZ at time / = o. We shall 
take the time t' of this event at P' to be zero, thus synchronizing the 
clocks of P and P'. 

Since P' here is taken as the particle-observer who passed the 
origin of S at the time t = o, the distance .Vi in (41—6) is zero. The 
space transformation between S' and S is obtained from this equation 
by making first y = z = o, then z = x — vi = o, etc. The extended 
time in P n s experience of an event occurring at at, j y, z at time t is given 
immediately by (41-7). In all the space-time transformation is 


x' = 


Vi — j3 2 


(X Vt)y 


y = y> 


z = z. 


' - (/ - 2 A 

V I — B 2 \ C / 


(42-1) 


0 

Equations (42-1) specify the transformation from S' to S'. Solv- 
ing for x,y, z, t we get the transformation from S' to S'. Altogether, 
if we put k = i/V 1 — ( 3 2 , 

x' = k(x — vt ), x = k(x' + vt'). 


y = y> 

z' = z. 


y = y 


z = z , 

= k (t - , / = k (/' + ^ , 

where the transformation from S' to S differs from that from S to S' 


t' 


(42-2) 
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only in the sign of terms containing the first power of the relative 
velocity. Comparing with the one-dimensional case treated in 
article 37, we see that the only new element is the addition of the 
Y and Z axes in S' and of the Y' and Z' axes in S'. While a rigid rod 
moving in the direction of its length with velocity v expel iences the 
shortening calculated in article 37, the relations between y' and y, and 
z' and z, show that no change takes place in the length of a rod which 
is given a transverse velocity. 

From either column of (42—2) we find that 

x ' 2 4- y 2 4 - z' 2 — c 2 t /Z = x 2 4 - y 2 4 - z 2 — c 2 t 2 (42-3) 

and 

dx r2 4- dy ’ 2 4- dz ' 2 — c^dt ' 2 = dx 2 + dy 2 4 - dz 2 — c 2 dt 2 (42—4) 

are invariants of the Lorentz transformation. The second is the 
three-dimensional space-time interval between two nearby events. 

Minkowski’s two graphical representations of the Lorentz trans- 
formation can be used equally well in the case of a three-dimensional 
space by adjoining to the x and ct or / coordinates the perpendicularly 
measured y and z coordinates. Thus the diagram showing the world- 
line of a particle moving in three-dimensional space requires four 
dimensions for its complete portrayal. In the case where 
x,y y z, I = -y/ — ict are chosen as coordinates, the Lorentz transforma- 
tion is equivalent to a simple rotation of the axes in the x/ plane, the 
coordinates transforming according to the equations 

x' — kx 4* ij 3 kl y x = kx 

y = y> y = y'> 

z' = z, z = z', 

/' = £/- i( 3 kx, l = kV 
in accord with (37-11) and (37—12), where i ss a/ — 1. 

Problem 42a. Let P' and Q' be two particle-observers in S\ the coor- 
dinates of Q' relative to P' in S at any time t being dx , dy , dz. Light-signals 
dispatched simultaneously from P' and Q' at time t reach Q' and P' re- 
spectively at times t + dtQ> and t -f dt P >. Show that 

dtQ> — dtp' — - „ - 2P dx. 

C“ — v l 

Problem 42b. In the Michelson-Gale 6 experiment the two parts of a 
bifurcated beam of light are sent in opposite senses around the periphery 

6 Michelson and Gale, Astrophys. Jour. 61, p. 140 (iy’25). 
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of an area A on the surface of the earth. Show that, to a first approximation, 
the difference in phase on reunion is given by 

AX ft . 

T = 4 x^ smT ’ 

where X is the wave-length, ft the angular velocity of the earth, and y the 
latitude. 

Hint. Use the result of 4 la and Stokes’ theorem. 

Problem /£ 2 c. Write the Lorentz transformation in vector form. 

Ans. r' = r 4 - (£-1) v — ktv t 

ri* * 



43. Transformations for Velocity and Acceleration between 
Euclidean Reference Systems with Constant Relative Velocity. — If 

we differentiate the equations in the first column of (42,-2) we get, 
just as in article 38, for the relations between the components of the 
velocities V and V' of an arbitrary moving-element Af relative to the 
inertial systems S and S' respectively: 
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It is evident from these equations that a particle-observer P" 
who has a constant velocity relative to S has a constant velocity 
relative to 5' also. We can, therefore, adjoin to P" a dense assem- 
blage of synchronous particle-observers relatively at rest to form a 
Euclidean reference system S" which is homogeneously equivalent to 
both S and S'. Altogether we can introduce a triple infinity of such 
homogeneously equivalent reference systems having velocities in all 
directions ranging by infinitesimal steps from — c to c relative to any 
selected Euclidean system. Such a group of equivalent Euclidean 
reference systems with constant relative velocities less than c will be 
called a Loreniz group. Macroscopic material particles, when free 
from external influences, are known to lie permanently in the reference 
systems of a particular Lorentz group. The systems of this group 
are named inertial systems. The principle of relativity requires that 
the laws of physics shall have the same form, and the constants con- 
tained in them the same values, relative to all inertial systems. 
Henceforth we shall be concerned primarily with the Lorentz group 
constituting the inertial systems. 

Squaring and adding the equations in the second column of (43-1) 
we obtain the transformation 



for the square of the velocity, where [3 = v/c. This relation shows us 
that the velocity of light is the only velocity which has the same mag- 
nitude, whatever its direction may be, relative to all inertial systems; 
a proposition of which we shall make important use later. Further- 
more it shows us that if v 2 < c 2 and V 2 < c 2 , then V 2 < c 2 whatever 
the direction of V' may be. Hence a moving-element having a 
velocity less than c relative to one inertial system has a velocity less 
than c relative to every inertial system. 

From (42—2.) and (43—2) we find 



(43-3) 
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which shows that 


i 



d_ 

dt ' 


i d 



(43-4) 


is an invariant differential operator just as in the one-dimensional 
case treated in article 38. 

Availing ourselves of (43—3) to calculate from (43—1) the relations 
between the components of the accelerations f and f' of an arbitrary 
moving element M relative to S and S' respectively, we find 


/*' - 

fv f = 

fz ’ = 

fx = 

f V ~ 

fz = 



Ju + - Uv’vj -J.'VJ) 

c 



I + p 



y 


JJ + - U.'VJ 

c 


(43-5) 


*■(■+' -tJ 
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Squaring and. combining these relations we obtain the invariant 


/ 


/2 


(-*)■ 


f 


+ 




3 ■ ( 43 - 6 ) 


RJTW (■-?)' (■-?) 

If the moving-element Ad is momentarily at rest in S’ , V o and. 

the relations between f and i' given in (43 5 ) simplify to 

= k%, fy' = k 2 fy, (43-7) 


Under the same circumstances it is easily shown by differentiating 
once more with respect to the time that 


/»' = k i / x + 3 k^ , 
}J - * 3 /, + 3* 5 <8 

7/ = * 3 / z + 3**0 — 


(43-8) 


We saw from (43-2) that the only velocity which has the same 
magnitude relative to all inertial systems is the velocity of light c. 
Consider a particle moving with this constant speed. For such a par- 
ticle we shall show now that the only acceleration which has the same 
magnitude, irrespective of direction, relative to all ineitial systems is 
the acceleration zero. It follows, then, that the only motion possible 
with a velocity of the same magnitude, and an acceleration of the same 
magnitude, relative to all inertial systems, is motion in a straight line 
with the velocity of light. 

Designating the velocity of the particle under consideration by 
c, we must have f-c = o relative to S since the speed remains con- 
stant. Incidentally, as the speed relative to any other inertial system 
S' is equal to the constant c by (43—2), f'-c' = o as well. Now if we 
square and add the three equations in the first column of (43 — 5) a fter 
putting V = c, we find, with the aid of the condition f*c = o, 



(43-9) 
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This relation shows that the only values of j ' 2 and f 2 which are the 
same for all p’s are the values zero. 

Problem 43a. Find the transformation between S and S' of the compo- 
nents of the time rate of increase of acceleration and verify (43-8). 

Problem 43b. Write the velocity and acceleration transformations in 
vector form. 

Ans. 



44. Relativity Precession. — In the last article we considered a 
moving-element which has a varying velocity relative to an inertial 
system S. Such a moving-element can be imagined to pass by infin- 
itesimal steps from a state of momentary rest in an inertial system S' 
having a velocity v relative to S' equal to that of the moving-element 
at the time l, to an inertial system S" having a velocity v dv rela- 
tive to S equal to that of the moving-element at the time t + dt , 
and so forth. Let us apply this point of view to a vector associated 
with a moving particle in such a way that it partakes of the motion. 
As usual we can represent the moving vector geometrically by an 
arrow OP whose origin 0 is at all times coincident with the moving 
particle to which it is attached, the direction of the arrow being the 
same as that of the vector and the length of the arrow being propor- 
tional to the magnitude of the vector. Since the vector is associated 
with a particle, however, we must choose a scale of proportionality 
which makes the length of the representative arrow very small com- 
pared with the radius of curvature of the path of the particle to which 
it is attached. Then the distance of the terminus P of the arrow from 
its origin 0 can be considered as a differential and we can neglect 
squares and higher powers of the length of the arrow in our analysis. 

We want to find the relation between the time rate of change of the 
vector relative to <S and its time rate of change relative to the inertial 
system S' in which the moving particle to which it is attached is 
momentarily at rest. We shall find that if the vector has no rotation 
at any time relative to the inertial system in which its origin is momen- 
tarily at rest, it will not in general maintain its original direction rela- 
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tive to S. For instance, if the origin of the vector describes a closed 
curve, the orientation of the vector after a complete revolution will 
differ from that before, the vector having rotated relative to S in the 
opposite sense to the revolution of its origin. This rotation is known 
as relativity precession. 

Let the coordinates of the origin 0 and of the terminus P of the 
representative arrow relative to S' at the instant t' at which O is at 
rest in this inertial system be x', y' , z' and x' + dx',y' + dy' , z' +• dz' 
respectively. If / is the time in 5 when 0 is at rest in S', the time in 


(3 

S of the event P t > is / + k ~ dx' and the coordinates in S of P v relative 

c 


to Ot are k dx' , dy ' , dz ' . The components of the arrow in S, however, 
are the coordinates of P at time t relative to O at time t, that is, of 
P t relative to 0 t . So, if the velocity of P relative to S is designated 
by V, the components of the arrow relative to S are 


dx — k dx ' 


V x k - dx’, 
c ’ 


dy = dy' — 


Vyk - dx’, 
c 


dz = dz' - V z k - dx'. 

c 


Denote the vector as viewed by observers in S and S' by p and p' 
respectively. Then, as the components of p are to the components of 
p' in the ratios dx/dx' , dy/dy', dz/dz' , the equations above can be com- 
bined to give the vector relation 

p = p' + (k — i) V — k V, (44-1) 

where v is the velocity of S' relative to 5. As V differs from v only 
by a quantity of the order of dx, dy, dz, it follows that 

p. v = £p'-v. (44-2) 

For the case under consideration the invariant differential operator 
(43—4) becomes 


d 


d 
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Operating with this on (44-1) we obtain, with the aid of (44—2), the 
relation 

f = + - v ^} ~ k *^ f (44-3) 

between the time rate of change of the vector in S' and its time rate 
of change in S'. While the first term on the right vanishes if the 
vector remains invariable in magnitude and direction relative to the 
inertial system in which it is momentarily at rest, the second term 
still persists unless the acceleration f of the vector relative to S 
vanishes or the vector is perpendicular to the direction of its velocity v 
relative to S. 

If we limit our further discussion to the case where the vector p' 
remains unchanged in magnitude and direction relative to the inertial 
system in which it is momentarily at rest, the angular velocity <o of p 
relative to S is tiven by 

/> 2 o> = - ~ ^ 


P X 


CO = — k 2 p X f. 

Suppose now that the vector p describes 
a plane orbit. As the component of p per- 
pendicular to the plane of the orbit suffers 
no rotation due to the presence of the fac- 
tor p*v in (44—3), we need consider only 
the component r (Fig. 40) of the vector in 
the plane of the orbit. Let be the angle 
which the normal to the path makes with 
some fixed direction in S' and a the angle 
which r makes with the tangent to the path. 

If, then, we resolve the acceleration into 
its tangential and normal components, 

| r X f I = IrXftl + lrXf, 


Hence 


co = 


dv . dxf/ 

? — r sin a + rv — cos a. 


d\p da 2 . d (3 

— = — k p sin a cos a — - 

dt dt dt 


( 44 - 4 ) 



Fig. 40. 


k 2 ( 3 2 cos 2 a 
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dp I — )8 2 da. /3 sin a cos a d(3 

dt I — /3 2 sin 2 a dt I — /3 2 sin 2 a dt 9 


which gives the integral 

{ V7 


tan 


— i 


/3 2 tan a. 


x _ r dp 




(44-5) 


From this equation it appears that a increases by hr and the 
vector p returns to its original orientation relative to the velocity v 
when p increases by the amount specified by the equation 

(44-6) 



If the orbit is periodic and /3 2 constant, as would be the case for a 
circular orbit of a particle subject to a central force, the vector p 
will return to the same orientation relative to v when the particle to 
which this vector is attached has revolved through an angle 

ax Vi - 0 2 . If 0 <5C 1 , this means that the vector p precesses about 
the normal to the plane of the orbit in the opposite sense to the revo- 
lution of the particle through an angle approximately equal to tt(3 2 
per revolution. Thus the axis of rotation of the earth or of the 
spinning electron in an atom experiences this precession in addition 
to that caused by any impressed torque. In the case of the earth 
is so small that the relativity precession is beyond the limits of 
observation, but in the case of the electron it is by no means negligible 
and plays an important part in modern theories of atomic structure. 

Relativity precession was discovered by Thomas, and the reader 
who is interested in further details should consult the papers of 
Thomas 6 and Page. 7 

45. Euclidean Reference Systems Moving with Constant Relative 
Acceleration. — Starting with a single Euclidean reference system 
with constant light velocity we have found a triple infinity of other 
equivalent Euclidean reference systems with the same constant light 
velocity, such that each system has a constant velocity relative to 
the first or to any other of the group. The question then arises: does 
this Lorentz group exhaust all possibilities, or do other categories of 
equivalent Euclidean reference systems exist which have other types 

8 L. H. Thomas, Phil. Mag. 3, p. 1 (190,7). 

7 L. Page, Phys. Rev. 33, p. 57 2 (192,9). 
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of motion than constant velocity relative to the fundamental system ? 
The answer to this question has been given by Page, 8 who has shown 
that a reference system may be adjoined to a particle-observer mov- 
ing with a constant relativity acceleration <j> relative to the funda- 
mental system, and that the geometry of the system so constructed is 
Euclidean. With every such relatively accelerated reference system 
may be associated in turn a Lorentz group of homogeneously equiva- 
lent Euclidean reference systems, the light velocity in all the reference 
systems under consideration being, of course, the same constant c. 
Finally, Engstrom and Zorn 9 and Robertson 10 have shown that no 
further categories of Euclidean reference systems with constant light 
velocity exist, whether equivalent to the original reference system or 
not. Hence, with a given particle-observer there can be associated 
at most a single Euclidean reference system. In this respect the 
three-dimensional case differs from the one-dimensional case (art. 35) 
in which no geometry exists. 

The principle of relativity requires that the laws of physics shall 
have the same form, and the constants contained in them the same 
values, relative to all equivalent Euclidean reference systems, includ- 
ing those moving with constant relative acceleration as well as those 
moving with constant relative velocity. While, however, we are able 
to transfer a macroscopic particle from one field-free inertial system 
to another by the application of a force for a suitable time, we know 
no means of transferring such a particle from an inertial system to an 
equivalent Euclidean system moving with a constant relative accelera- 
tion. It may be, however, that such transfers occur in the micro- 
scopic world, and that the imperfectly comprehended motions of 
electrons, neutrons and protons in the atom are to be explained in 
such a manner. 

So far as the formulation of the laws of electrodynamics are con- 
cerned, we may limit our consideration to the single Lorentz group 
of equivalent Euclidean reference systems with constant light 
velocity comprising the inertial systems. The principle of relativity, 
applied to this Lorentz group alone, we shall denominate the restricted 
principle of relativity . It tells us that the laws of physics must be the 
same relative to all inertial systems. 

While we are not warranted at the present time in devoting to 

8 I- Page, Phys. Rev. 49, p. 254 (1936). 

0 Engstrom and Zorn, Phys. Rev. 49, p. 701 (1936). 

10 H. P. Robertson, Phys. Rev. 49, p. 755 (1936). 
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relatively accelerated equivalent Euclidean reference systems the 
space necessary to give a detailed description of their kinematical 
relationships, it may be of interest to write down without proof the 
space-time transformation. Adjoining Y and Z rectangular axes to 
the X axis of the one-dimensional case treated in article 39, and 
putting 


. , <}>X 

6y 

r = 

4>z 


£ r= I -f- — , 
2C 

■ft 

in 

2c 2 ’ 

~ , 

2C 

t' = i- ** 
f a** ’ 

III 

fco 

r = 

4 >z' 

III 

$1$ 

V 


and p 2 be £ 2 + V 2 + Z 2 , the desired transformation is 



( 45-0 


where the negative sign in the relations connecting f' and f is due to 
the fact that these axes have been taken in opposite senses so as to 
make each set of axes right-handed. 

The reader desiring a more complete discussion of relatively 
accelerated reference systems may consult the papers of Page 11 and 
Page and Adams. 12 

Problem 45a. Show that if a ray of light follows a straight track in one of 
two relatively accelerated reference systems, its path is a straight line in the 
other. 

11 L. Page, Phys. Rev. 49, p. 254 (1936). 

12 Page and Adams, Phys. Rev. 49, p. 466 (1936). 
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THE ELECTROMAGNETIC FIELD 

46. Emission Theory of Electromagnetism. — Faraday has shown 
how an electric field can be represented graphically by continuous 
lines of force originating on positive charges and terminating on 
negative charges. We shall endow this geometrical representation 1 
with sufficient physical substantiality to allow us to picture lines of 
electric force as filaments which may move relative to the observer’s 
inertial system in company with the charges to which they belong. 
Since, however, different charges may move with different velocities 
and in different directions, kinematical properties can be attributed to 
lines of force only if we treat the field of each element of charge as a 
separate entity. Hence our point of view differs from Faraday’s in 
that we shall ascribe to each element of charge its own diverging or 
converging group of lines of force, instead of representing the result- 
ant electric field by lines of force. Further we shall suppose that the 
lines of force associated with an element of charge may penetrate the 
fields of other charges, or in fact other charges themselves, without 
being in any way influenced by the latter. When a number of ele- 
mentary charges are present, then, their independent fields coexist, 
and the resultant field will be considered, not as an entity in itself, 
but as a combination of the overlapping elementary fields of the 
individual elements of charge. 

In order to make the discontinuous representation of a field 
by lines of force effectively continuous, we shall imagine the number 
of lines proceeding from even the smallest element of charge to be very 
large. We may, then, group adjacent lines of force into bundles or 
tubes containing equal numbers of lines, the number of lines to a tube 
being determined in such a way as to make the total number of tubes 
diverging from a positive charge or converging on a negative charge 
proportional to the magnitude of the charge. If the factor of propor- 
tionality is taken as unity, as will be our procedure, the number of 

1 L. Page, Am. Jour. Sci., 38, p. 169 (1914). 
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tubes of force in the field of an element of charge is identical with the 
number of units of electricity in the charge, and we are led automat- 
ically to the Heaviside-Lorentz units * of electric and magnetic quan- 
tities. Now, if a bounded surface is placed in the field of an ele- 
mentary charge, some of the tubes associated with the charge may 
pass in whole through the surface, and others only in part. In the 
latter case the fraction of a tube passing through the surface is the 
ratio of the number of lines which intersect the surface to the total 
number of lines in the tube. 

At a given instant an elementary electric field is completely 
described at every point by the direction and the density of the lines 
of force. These two characteristics may be specified quantitatively 
by a vector function E of the coordinates which has at every point the 
direction of the lines of force at that point and a magnitude equal to 
the number of tubes of force per unit cross-section. The function E 
is called the electric intensity of the elementary field. At a point 
where a number of elementary fields overlap, we define the resultant 
electric intensity as the vector sum of the electric intensities of the 
individual fields. Evidently at a distance from a charged body large 
compared with its greatest linear dimension the individual fields due 
to all the elements of charge on the body have so nearly the same 

direction that we can treat the resultant field as 
if it were a single elementary field. 

Let dN be the number of tubes of electric 
force of an elementary field passing through an 
element of surface da (Fig. 41) whose normal 
makes an angle 6 with the electric intensity. As 
the projection of da on a plane at right angles 
to the lines of force is dc cos 6 , the number of tubes per unit cross- 
section and therefore the magnitude of the electric intensity is 



E = 


dN 


da cos 6 


(46-1) 


Consequently the component of E along the normal to the surface is 
equal to the number of tubes per unit area passing through it. If, 
therefore, a number of elementary fields Ei, E2, • * • , making angles 
02> • ‘ • with the normal to the surface, overlap in the neighborhood 

*A table of equivalents in Heaviside-Lorentz units, electromagnetic units and 
electrostatic units is given on p. xii. 
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of da to produce the resultant field E making an angle 0 with the 
normal, 

E cos 0 = E\ cos 61 H~ E2 cos d% -|— • • • . 

But 

dNi „ dN 2 


Therefore 


£1 - 7 V > v 

da cos &i da cos <?2 

dN 1 H“ dN\ 2 ~f" * * * 


E = 


da cos 0 


showing that (46—1) holds also for the resultant of a number of ele- 
mentary fields provided we interpret dN as the total number of tubes 
of force passing through the surface da. 

Each line of force can be considered as the locus of a dense linear 
aggregate of moving-elements, or points. We wish to find the 
velocity law of these moving-elements. Now the principle of rela- 
tivity tells us that both the velocity and the acceleration of a con- 
stituent moving-element in an elementary electric field must have the 
same magnitudes relative to all inertial systems. As shown in article 
43 this requires that the moving-elements shall move in straight lines 
with the velocity c of light. Furthermore, the fact that the lines of 
force originate on the charge whose field they represent, requires that 
lines of force in the immediate neighborhood of the charge can have 
no finite component of linear velocity at right angles to themselves 
relative to the inertial system in which the charge is momentarily at 
rest. It follows that the direction of motion relative to this inertial 
system of each moving-element in the immediate neighborhood of 
the charge must be tangent to the line of force of which it forms a part. 
Hence the moving-elements in the immediate neighborhood of the 
charge must move radially either toward or away from the charge, and 
the charge must be considered either as a sink or as a source of 
moving-elements. Either alternative, or any combination of the 
two, leads to Maxwell’s equations, the first corresponding to advanced 
fields and potentials and the second to retarded fields and potentials. 
However, the teleological implications of the first alternative are 
generally considered sufficient to warrant its exclusion from physical 
reality, for, if the moving-elements constituting an elementary field 
should move toward the charge responsible for the field, the future 
history of the charge would be completely determined by the present 
nature of the distant portions of its own field, and it would be impos- 
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sible for the charge to be influenced in any inconsistent manner l>y 
the fields of other charges. Hence we are forced to adopt the second 
alternative and to consider an element of charge of either sign as a 
source of moving-elements projected from it in straight lines with 
velocity c. As lines of force diverge from positive charges and con- 
verge on negative charges, the angle between a line of force and the 
direction of motion of the moving-elements which carry it is never 
greater than tt/ 2 in the field of an element of positive charge, and 
never less than tt/ 2 in the field of an element of negative charge. 
Although we adopt the second of the two possible alternatives 
considered, many of the formulas we shall develop require only an 
occasional change in sign to make them fit the first alternative, which 
has been discussed in some detail in a paper by Page.” 

We picture an element of charge, then, as a group of emittors 
each of which shoots forth a stream of moving-elements with the 
velocity of light, in much the same way as a machine gun fires a 
stream of bullets. The locus, at any instant, of the moving-elements 
which have been projected from a given emittor, constitutes a line of 
force. Now we shall adopt two assumptions suggested by symmetry. 
First we assume that, relative to the inertial system in which the 
element of charge is momentarily at rest, the emittors are distributed 
uniformly in angle, and second, that the emittors have no rotation 
relative to this inertial system. 

To summarize, the emission theory starts with the elementary 
electric field as the fundamental entity in its description of electro- 
magnetic phenomena. The velocity law of the moving-elements 
constituting this field has been indicated uniquely by the requirements 
of the principle of relativity. In addition we have made two funda- 
mental assumptions regarding the distribution and angular motion 
of the emittors from which the lines of force spring forth, which are 
strongly suggested, if not demanded, by symmetry. In the suc- 
ceeding articles of this chapter we shall prove that the four field equa- 
tions formulated by Maxwell to express in analytical form the experi- 
mental discoveries of Coulomb, Ampere, anil Faraday are purely 
kinematical relations deducible in whole from the characteristics 
specified in the present article for an elementary field. 

47. Transformation of the Electric and the Magnetic Intensity. — 
Our first objective is to express the electric intensity E' of an ele- 
mentary electric field as measured in an inertial system S' in terms of 

2 L. Page, Phys. Rev. 24, p. 296 (1924). 
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the electric intensity E of the same field as measured in another inertial 
system S. Let P (Fig. 42) be the position of a moving-element of a 
line of force at time t in S and t' in S', and let Q be the position of an 
adjacent moving-element of the same line of force at time t in S. At 
time t' in S' the latter moving-element will be at a slightly different 
point Q'. Then PQ is an element of the line of force in S at time t , 
and PQ' the same element of the line of force in S' at time t r . 

Orient the axes fixed in the two inertial systems so that the X 
and X' axes are parallel to the velocity v of S' relative to S. We shall 
designate the coordinates in S' of Q relative to P by dx , dy, dz, and of 



Q' relative to P by dx j, dy\, dz\. Also we shall understand by dx'> 
dy' , dz' the coordinates of Q' relative to P as measured in S'. The 
kinematical part of our analysis consists of two steps. First we 
express dx 1, dy\, dz\ in terms of dx, dy, dz, and then we utilize the 
Lorentz transformation between dx', dy', dz' and dx 1, dy\, dz\ to 
express dx' , dy' , dz' in terms of dx, dy, dz. 

If the velocity of the moving-element at Q is c, and the time in 5 
at which this moving-element reaches O' is t + dt , 

dx 1 = dx + c x dt, 
dyi = dy + c y dt, 
dz 1 = dz + c z dt. 

As the time in S' is the same at Q' as at P, that is, dt' — o, it 
follows from (42—2) that 


/3 

dt = — dx 1 . 
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Hence 


dx i = 


dx 



c 


B — dx 


dyi = dy + 



5 


dz\ — dz -f- 


(3 — dx 

c 



c 


To obtain from these expressions the coordinates dx' , dy' , dz ' 
of Q' relative to P as measured in S' we must use the last three equa- 
tions in the second column of ( 42 — 2 ), making dt' = o, since P and Q r 
are reached at the same time according to the standard of simulta- 
neity of S'. In this way we find 


dx' — 




— dx 



dz* = dz 



(47-i) 


As the direction cosines of the line of force through P are propor- 
tional to dx' , dy ' , dz' as measured in S', and proportional to dx, dy, dz 
as measured in S', these three equations specify the direction cosines 
of the line of force in S' in terms of its direction cosines in «S. Since 
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the electric intensity at P is parallel to the line of force through P, 

F ' F ' F ' 

dx' dy' dz' 

and 

£* = Ea = El \ 

dx dy dz 


If, then, we determine one component of the electric intensity in 
S' in terms of the corresponding component in S, the transformation 
for the remaining components can be obtained at once from (47-1). 
The component for which the transformation is most easily obtained 
is that parallel to the JC axis, since an elementary rectangle at P 
parallel to the YZ plane has the same area in S' as in S. Let dN be 
the number of tubes of force passing through the rectangle of edges 
8 y y dz (Fig. 42 ). Then, as 8 y' = 5y, dz' = 5z, and the component 
of the electric intensity normal to any element of surface is equal to 
the number of tubes of force per unit area passing through the surface, 


E a 


dN 


8 N 


Consequently, using (47—1), 


dy' dz' dydz 


= E x . 



and similarly 



= k {e v - 5 I c X E I, 
= ^|^= - f'“|cX E| v 




As the vector (1/ c)c X E appears in these and many other expres- 
sions to be derived later, it is convenient to represent it by a single 
symbol and to attach a name to it. We shall write H ss (i/r)c X E 
and call this quantity the ?ii{ignctic intensity of the elementary electric 
held. When we have deduced the complete set of electromagnetic 
equations we shall be able to identify H unambiguously with the 
magnetic intensity as defined experimentally by Ampere and Maxwell. 
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In terms of H the transformation for the components of E becomes 


Ex' = E Xy 

Ey' = k{Ey ~ (Hi ,}, 
E/ = k{E z + PHy}. 


( 47 ~ 2 ) 


Next we shall find the transformation for the components of H. 
To obtain it we need the transformation for the components of c as 
well as that for the components of E. The former, given by (43-1) 
with c Xi c y} c g replacing V , r , V y3 V z respectively, is 






( 47 - 3 ) 


The derivation is facilitated by noting that 

c-H c x-H x I c y ~\ c gH^ g — o. 


Then, as H' = (i/c)c' X E', 



— ( Eg + fiHy) ( E v — $ H z ) 

c c 



c 



I 
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HJ = — E x ' - — E/ 

c c 

(1 - 0 2 ) J E x - (j - 0) (E z + 0 Hy) 

== k 

- C X 

I - /3 — 

£ 

Hy - 0 ^ / 7„+,8 - 0 - E z ) 

= k ~ ~ - = k{Hy+ 0 E,}, 


and similarly with HJ . Collecting results: 


Hy' = k{Hy + PE Z } S 

HJ = k{H z - ( 3 E y }, 


(47-4) 


a set of equations which differs from (47-2) only in the interchange of 
the components of E and H and in the change in sign of the terms in /3. 
The inverse transformations are obviously 


and 


E x = E x ', 

Ey = k { Ey + fiHz } , 
E z = k{E z ' - 0 Hy'}, 

H x = H x ', 

Hy = k{Hy’ ~ 0 E, } , 
H Z = k\Hx' + 0 Ey’}, 


(47-5) 


(47-6) 


since the velocity of S relative to S' is the negative of that of S' 
relative to S. 

Just as we defined the resultant electric intensity in a region where 
a number of elementary fields overlap as the vector sum of the electric 
intensities of the individual fields, so we shall define the resultant 
magnetic intensity as the vector sum of the magnetic intensities due to 
the separate elementary fields. Then, as (47-2), (47-4), (47-5) and 
(47—6) are linear in the components of E and H, and do not contain 
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the components of c explicitly, these transformations apply as well 
to the resultant E and H as to the electric and magnetic intensities of a 
single elementary field. 

It follows from (47-2) and (47—4) that 


E'H' - E H ( 47 - 7 ) 

and 

E ' 2 - H ' 2 = E 2 - H 2 (47-8) 

are invariants of the Lorentz transformation. 

It appears from the transformation equations (47—2.) and (47—4) 
that the resolution of an electromagnetic field into electric and 
magnetic parts depends upon the state of motion of the observer. A 
field which is entirely magnetic to an observer in one inertial system 
may be in part magnetic and in part electric to an observer in another. 
Only the expressions (47—7) and (47-8) have the same values for 
observers in all inertial systems. From the first of these we see that 
if E and H are at right angles in one inertial system they are at right 
angles in all, and from the second we see that if the electric field is 
more intense in one inertial system than in another, the magnetic field 
also is more intense in the first than in the second. 

These considerations suggest the following question: can we elimi- 
nate either the electric part or the magnetic part of any electro- 
magnetic field by giving the observer a suitable velocity ? Suppose 
that we have an electric field E and a magnetic field H in inertial 
system S', and wish to find an inertial system S' in which the electro- 
magnetic field is entirely magnetic. Since E x r — E x in (47—2), we 
see first that S' must move with a velocity v at right angles to E. 
Then (47-2) shows that all three components of E' vanish if 



e? 

Hy' 


a pair of equations which can be satisfied for (3 < 1 only if 


EyHy + E Z H Z = o, 
E 2 < (H y 2 + H 2 ). 


Consequently, if E is perpendicular to H and less than H in magni- 
tude, E' is zero in the inertial system moving relative to S with the 
velocity 


= c 


E X H 

H 2 


v 


(47-9) 
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or, in fact, in any inertial system moving at right angles to E at an 
angle with E X H whose cosine is greater than E/H , with a velocity v 
equal to c times the quotient of E by the component of H perpendicu- 
lar to v. In the inertial system S' moving with the velocity (47-9) 
relative to S, H' is in the same direction as H and has the magnitude 



Similarly it follows from (47-4) that, if H is perpendicular to E 
and less than E in magnitude, H' is zero in the inertial system moving 
relative to S with the velocity 

E X H 

or in any inertial system moving at right angles to H at an angle with 
E X H whose cosine is greater than H/E , with a velocity v equal to c 
times the quotient of H by the component of E perpendicular to v. 
In the inertial system S' moving with the velocity (47—10) rela- 
tive to S, E' is in the same direction as E and has the magnitude 

In the case of crossed (i.e., perpendicular) electric and magnetic 
fields, then, it is always possible to find an inertial system S' in which 
one of the vectors E' and H' vanishes, with the single exception of the 
case where E — H. This case is of especial interest since it is that 
of a plane electromagnetic wave. Here (47—9) and (47—10) are 
satisfied simultaneously, but only with a value of /3 equal to unity. 
As we transfer our observations from S to inertial systems moving in 
the direction of propagation of the wave (i.e., that of the vector E X H) 
with higher and higher velocities, the equal magnitudes of the per- 
pendicular vectors E' and H' become smaller and smaller, approach- 
ing zero as v approaches c. At the same time the length of the wave 
grows larger and the frequency smaller. Just the reverse changes 
occur if we transfer our observations to inertial systems moving in 
the direction opposite to that of propagation. 

A simple example of the dependence of the resolution of an elec- 
tromagnetic field into electric and magnetic parts on the state of 
motion of the observer is provided by the infinite parallel plate con- 
denser. Let the plates be at rest in S parallel to the Z,X coordinate 
plane with the Y coordinate of the negatively charged plate greater 
than that of the positively charged plate. If, then, the charge per 
unit area is the electromagnetic field between the plates is E x = o, 
E v — P«y — o> Ef x — o, Hy — o, Hz = o to an observer in S. To 



(47-10) 
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an observer moving with velocity v in the X direction in the region 
between the plates, Ef = o, E y ' — kp ff , EJ — o, H x r = o, H y f — o, 
HJ = — k$p v . The latter observer attributes the increased intensity 
of the electric field to the Fitzgerald-Lorentz contraction, and the 
presence of the magnetic field to the currents produced by the motion 
of the charged plates relative to his inertial system. 

Again, consider the uniform magnetic field H x = o, H y — H , 
H s — o between the large parallel plane pole-pieces of a magnet at 
rest in S. Relative to S', E x — o, Ef = o, Ef = k@H 3 H x — o, 
H y = kH y , Hz — o. The electric field in S' gives rise to an 
electromotive force along a straight wire at rest in this inertial system 
with its length parallel to the Z axis. This electromotive force 



is evident to an observer in S through the work which it can per- 
form on the free electrons in the conductor. As there is no electric 
field in S, the observer in this system attributes the electro- 
motive force to the motion of the wire relative to him through a 
region in which a magnetic field is present. An electromotive force 
so produced is called a motional electromotive force since it exists for 
the observer in S only in a body in motion relative to his inertial 
system. 

48. Field of a Point Charge. — Consider an elementary or point 
charge e which has a velocity V and acceleration f relative to the 
observer’s inertial system S. Let the charge be located at Q\ (Fig. 43) 
at time to and at Q2 at time to + dto . Then Q1Q2 = Hdto. We wish 
to find the electric intensity E at a point P 1 distant r from Q\ at the 
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time / = A) + r/c at which a moving-element emitted from e at the 
time to reaches Pi. Let P2 be the point occupied at the time to -f- r/c 
by a moving-element projected from the same emittor at the time 
t Q + dt 0 . Then the line of force at Pi at time / 0 + r/c has the direc- 
tion of the vector d\ drawn from P2 to Pi. 

If c is the velocity of the first moving-element and c + dc that 
of the second, 

d\ — c — — Vdt 0 — (c -f~ dc) ^ 


and 



(48-1) 


(48-2) 


since dc is perpendicular to c. 

Let n be the number of tubes of force passing through a unit 
area at Pi perpendicular to the radius vector r. Then 


E - 


n 


cd\ 

C-d\ 




(48-3) 


It remains to evaluate dc/dtQ and r. The first is obtained from 
the condition that the emittors have no angular motion relative to 
the inertial system S' in which the charge is momentarily at rest at 
the time and the second from the condition that the emittors are 
distributed uniformly in angle relative to S'. 

To find dc/dt^ we can make use of (44-3), understanding by p' 
a vector of constant magnitude having the direction of the emittor 
under consideration, and making dp' /dt§ — o. In fact, as the direc- 
tion of motion of a moving-element leaving the charge is the same as 
that of the emittor from which it comes, relative to the inertial 
system in which the charge is momentarily at rest, we can put the 
velocity c' of the moving-element relative to S’ for p'. Then we can 
find p from (44—1) and put its time derivative in (44—3) to determine 
dc. / dt 0 . 
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However it is somewhat simpler to obtain dd Jdto first and then 
to evaluate dc/dto by means of the transformations already derived. 
If the charge is accelerated, it passes from rest in S' at time to' to 
rest in an inertial system S" moving with velocity f'dto' relative 
to S' at time to' 4- dto'. Consequently, if p' is a vector in S' having 
the direction of the emittor and a magnitude equal to the velocity of 
light, 

dp' = c" - c' 
dto' dto 


where c ' is the velocity relative to S' of the moving-element emitted 
at time t 0 ' and c" that relative to S" of the moving-element emitted 
at time to' ■+ dto'. Neglecting differentials of the second order, we 
have from (47—3) 


c" = 


•' + + *• + «• X ? X 4,J , 


I — 


c'-f' 


dto ' 


where c' + dc' is the velocity relative to S' of the moving-element 
emitted at time t 0 ' + dto'. Therefore 

= dd (f X cQ X c' 

dto' dto' c 2 


The reader should note that dp' /dto' is not in general equal to dd /dto’ 
even though we have made p' = c' at the instant / 0 ' when the charge 
is momentarily at rest in S'. 

As the emittors have no motion of rotation. 


dd (f' X c') X c' „ d f' , 

l^> 7 f 


(48-4) 


Now we must transform this equation to system S’. As we are 
differentiating at the charge, we make use of (43-4) with V — o and 
V — v, getting dfdto = kd/dt 0 . The transformation for the compo- 
nents of c' are given by (47-3) and those for the components of f' by 
(43—7). Carrying through the algebra separately for each rectangu- 
lar component of the vector equation (48-4) we obtain the three 
relations 


dCx 

dtc\ 


k 2 


C*v)/ X - c-f (c x - v)}. 
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d/C y 

dt 0 




We may now replace v in these equations by the equal velocity V of 
the charge, and combine the resulting equations into the single vector 
equation 


d c 

dtQ 


{f X (c - V)} X c 



(48-5) 


The calculation of n is all that remains. Let a and a' be the 
angles which an emittor makes with v in S and S' respectively. Then 

p sin a — p f sin a! and p cos a — "s/i — (3 2 p' cos a' y giving tan 
a! — V 1 — /3 2 tan a. But, if 6 is the angle which c makes with v, 


Therefore 


and 


tan a — 


tan ol = 


c sin 6 


sin 6 


c cos 6 — v cos 6 — /3 

Vi — /3 2 sin 6 
cos 6 — • 0 


1 — 3 ^ 

sin a! da! = — ^ sin Odd. 

(1 — (3 cos d ) 2 


Now, if dN is the number of tubes diverging from the charge 
inside the conical angle between a' and a' + da 1 , 


dN - 


— sin a! da! 
2 



sin Odd, 


since the emittors are distributed uniformly in angle as viewed from S r . 
1 he area subtending the conical angle under consideration at a dis- 
tance r from the charge is 

da — lirr 2 sin Odd. 



144 


THE ELECTROMAGNETIC FIELD 


Consequently the number of tubes of force passing through a unit 
area at Pi perpendicular to the radius vector is 


n 



(48-6) 


where we have replaced v by its equal V. 

Substituting (48-5) and (48-6) in (48-3) we 'obtain the expression 


E = 


f (* _ ?) (c_v)+ ? {f x (c_ v) } xc ) J 


(48-7) 


for the electric intensity at the field-point P x at time / in terms of the 
coordinates, velocity and acceleration of the charge at the earlier 
time t 0 . Such an expression is said to be retarded , which we indicate 
by enclosing it in heavy square brackets. We shall use this notation 
consistently henceforth, understanding that alt coordinates, velocity 
components and acceleration components of a charge are to be evalu- 
ated for the time t — [r]/c when they are contained within square 
brackets. The position of the charge at this earlier time is called its 
effective position for the determination of the field at the field-point P x 
at the time t. 

Since H stands for the vector function (i/r)c X E by definition, 
the retarded expression for the magnetic intensity due to a point 
charge is 


H = 




(48-8) 


At small distances from the charge the parts of these expressions 
varying inversely with the square of the distance r predominate, 
whereas at great distances these parts are negligible compared with 
the parts which vary inversely with the first power of r. The latter 
parts of E and H constitute the radiatio?! field of the charge. 

49 * Differentiation of Retarded Quantities. — The expressions 
(48-7) and (48-8) for the electric and magnetic intensities of the field 
of a point charge can be expressed as derivatives with respect to the 
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coordinates and the time of two potentials, one a scalar function and 
the other a vector function. In order to find them we must first 
develop formulas for the derivatives of a retarded quantity. 

Let P (Fig. 44) be the field-point with coordinates x } y, z at which 
we wish to find the field at time / of a charge e whose effective position 
for this point and time is Q. The coordinates of Q we designate by 



M, W. M and the time at which it is occupied by the charge by [/]. 
Let [r] represent the vector QP. Then 


t _ m _ H _ V (x — [j?]) 2 + (y — [_y]) 2 + (2 — N) 2 


(49-O 


where, if the charge is in motion relative to the axes XYZ, the coordi- 
nates [v], [yl [2] and also the components [^J, [F'J of the 

velocity of the charge are in general functions of [/]. 

Consider a quantity \f/(x , jy, 2, [/]), where [/] occurs explicitly or 
implicitly in [#], • • • , [/^J, • • *, etc. As [/] may be considered to be a 
function of x 3 y, 2, t we have two types of partial derivatives of ^ to 
consider. For the moment we shall distinguish them by denoting 
the derivative with respect to x when jy, 2, [/] are held constant by 


dxP 

dx 


, and the derivative with respect to x when the x contained 
implicitly in [/] as well as the x appearing explicitly is varied, jy, 2, t 


being kept constant, by 


d\f/ 

dx 


By 


dxfi 

m 


we shall mean the derivative 
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with respect to [/] when explicit x, y, z are held constant, and by 

dt 

the derivative with respect to the t contained implicitly in [/], both 
explicit and implicit x 3 y 3 z being kept constant. Then 


dip dyp d\t\ 
dt ~ d[/] dt 3 


dxp d\p d\p d\t\ 

dx dx dx 3 


and similarly for derivatives with respect to y and 2. 

Differentiating (49-1) with respect to t we find that 

_ f (* - + (y - \MKA + (2 - Milfoi l 41 

dt 1 \r\c I dt 



since c has the same direction as [r], and therefore 



In like manner 

_ 4 ] = 

dx 



Hence 

d[i\ C X Tc Vl d[l] 

dx r 2 L c 2 J dx ’ etc ' 5 



and 
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d\p 

doc 



d\p c x d\p 
dx c 2 dt 


(49-3) 


Similar expressions hold for the derivatives with respect to y and z. 

50. Scalar and Vector Potentials. — In this article we shall show 
that the retarded expressions (48-7) and (48-8) for the electric and 
magnetic intensities in the field of a point charge can be represented 
by derivatives of a scalar and a vector potential. 

As 

p V 1 _ (* — MllgoJ + (y — [y\)[V v \ + (z — [z])[^ 2 ] 

L c 2 J [r]c 

appears in both (48—7) and (48—8) we start by writing down its 
derivatives. Evidently 


d 

IWl 

aW 

bd 

a I 


dx \ 

Also, from (49-1), 

L c\ 

a[r] 




aH 

dx 



C x 

C 


Consequently (49— a) gives 
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and (49-3) leads to 


[^] 




Hence 


(50-2) 


L^( 


c-V 


1 d 
c dt 


I — 


47T7T 1 1 


c-V 


47 rr c \ I 


■Tvy {(■ - 7 ) «■ - ''*> 

+ / fc- r-v, - r,t - - c-V)/,! }1 


We recognize this as the ^-component of the vector function 
(48—7). Now if we consider the quantities which are differentiated 

to be given as functions of x, y, z, t we can replace — by — , by — , 

dt dt dx dx 

etc., and the electric intensity due to the point charge under consider- 
ation may be expressed in the form 


E = — V 


£4 ITT 


c-V 


c dt 


47r rc i 1 


9 )] 


(s°- 3) 


Similarly 


47rrr l 1 


c-V 


47 xrc 


y 

(- 


c-V 


471-r £ li — 




V — c V 

K Z I'zr y 


^.4 CzVy) + (^ 2 C ‘V)(^T y f z — C Z J^) } j ^ 
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which we recognize as the ^-component of (48-8). Therefore 

eV 


H = V X 


eV -I 

. 4 ™ (l _ 


( 5 °- 4 > 


Since E and H for the resultant of a number of elementary fields 
are the vector sums of the electric and magnetic intensities respectively 
of the individual overlapping fields, it follows that 


I? 1 <9A 

E = — V<£ , 

c dt 

H = V X A, 


( 5 °~ 5 ) 

(50-6) 

for any field, where the scalar potential <3> and the vector potential A 
are given by the retarded expressions 


$ = 


A - 


(■-*?')]' 
r e&i 1 


( 5 °~ 7 ) 


( 5 °~ 8 ) 


The potentials for a continuous distribution of charge may be 
put in a simpler form. Suppose we wish to find these potentials at a 
field-point P (Fig. 45) at a time/ 
due to a continuous distribution 
of charge of density p(at, jy, z, t) 
per unit volume. Consider a 
fixed volume element dr at Q in 
the shape of a rectangular paral- 
lelopiped of altitude AB — dr at 
a distance r from P. Let the 
charge density at Q at time 
t — r/c be denoted by [p]. If 
the charge in the neighborhood 
of Q has the velocity V, the charge \de\ which lies in A BCD when 
in its effective position for calculation of the field at P at time / is not 



Fig. 45. 
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that resident in ABCD at the time t — rjc , but that located in the 
smaller parallelopiped AB\C\D of altitude dr\, where 


dr\ — dr — 




dr 


since the charge adjacent to the base BC of ABCD must reach this 
position at the time / — (r + dr)/c to be effective in giving rise to a 
field at P at time t. Therefore 

[de] = [p] dr 

and (50-7) and (50-8) become 


3 > = 

A = 


47r J T r 

(5°“9) 

1 fWtr, 

J r r 

(50-10) 


where r need not be enclosed in brackets since it represents now a 
distance in the observer’s inertial system which is not a function of 
the time. 

Since the effective position of a charge for calculation of the field 
at P at time t is that occupied at the time t — [r]/c, the positions and 
velocities of the charges appearing in (50-7) and (50-8), or the charge 
density [p] and current density [pV] appearing in (50—9) and (50-10), 
are those that would be seen by an observer at P at the time t. 

In the case where the charge density and current density relative 
to the observer’s inertial system are not functions of the time, the 
values of these quantities in any fixed volume element dr are the 
same at time t — rjc as at time /, and the retarded expressions (50-9) 
and (50-10) for the potentials may be replaced by the simultaneous 
expressions 


1 r P 

^ * — / ~dr, (co-Il) 

47r J T r 

1 r P v 

A = / — dr. (co—11) 

47tc J T r J 


These formulas may be used to calculate the fields not only of 
charges permanently at rest in the observer’s inertial system, but also 
to compute the electric and magnetic fields produced by a charged 
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sphere rotating with constant angular velocity about a fixed diameter 
the charge density of which is a function only of the distance from its 
center, the magnetic field due to constant currents flowing in any 
network of fixed conductors, and, in general, the fields due to any 
steady flow of charge. 

Finally, we notice from (49—3) that 



Making use of (50—2), then, 



Consequently the scalar and vector potentials given by (50-7) and 
(50-8), considered as functions of x, y y 2, /, satisfy the differential 
equation 

V- A + — = o, (5°“' I 3) 

c at 

no matter whether they refer to a single elementary field or to the 
resultant of a number of overlapping fields. 

51. Differential Equations of the Electromagnetic Field. — Obvi- 
ously any vector field U(.v, y , 2) can be represented graphically by 
lines of force drawn so as to have everywhere the direction of the 
vector U and in such density that the number of tubes of force (a 
tube being defined as a bundle of a specified number of lines) per unit 
cross-section is equal to the magnitude of U. In special cases the 
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lines of force may be everywhere continuous, but in general the lines 
of force required for the graphical representation of an arbitrary 
vector function of the coordinates are discontinuous, some lines end- 
ing where the field becomes weaker or beginning where it becomes 
stronger, or some of the lines reversing their sense at a point where the 
field suddenly changes direction. 

The reasoning, employed in article 46 to show that the moving- 
elements of which the lines of force of an elementary electric field 
are the locus must move in straight lines with the velocity of light, 
can be applied as well to any elementary vector field of physical sig- 
nificance, and serves to tell us how the portion of the field repre- 
sented by continuous lines of force changes with the time. If, how- 
ever, there are discontinuities in the lines of force, as at an element of 
charge in an electric field, we must take account also of the motion 
of these discontinuities in computing the entire time rate of change 
of the field. We shall now derive the differential equations of an 
elementary vector field U(at, j y, z, t), the lines of force of which are 
moving with velocity c, and apply the results to the electric fields in 
which we are interested. 

First consider any closed surface cr. As we proved in detail for 
the electric field discussed in article 46 the component of U along 
the outward-drawn normal to a surface element dcr at any point is 
equal to the number of tubes of force per unit area passing through 
it from the negative to the positive side. Therefore the flux TJ ■ d<r 
of the vector field through the surface element dor is equal to the 
number dN of tubes of force passing through it. Integrating over 
the entire surface <r, 

U • dor = N, (51—1) 

where 2 V is the excess of the number of tubes of force emerging from 
the region enclosed by the surface a over the number entering. 
Converting the surface integral into a volume integral by Gauss’ 
theorem, we have 

V * Udr = JV, 

where r is the volume enclosed by the surface a. Evidently, if the 
lines of force are continuous throughout the region r, as many enter 
as leave this region and 2 V = o. Only when some of the lines originate 
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or terminate inside the region is N different from zero. Let p be the 
number of tubes of force which originate (p positive) or terminate 


(p negative) per unit volume, 
above becomes 


Then N — 



pdr and the equation 



V • TJdr 



pdr. 


As this equation holds for any volume r, we get the divergence equation 


V-TT = P 

of the vector field XT. 

Next consider the bounded surface <r 
(Fig. 46) fixed in the observer’s inertial sys- 
tem. The number N of tubes of force passing 
through it is given by the integral (51-1) 
taken over the surface. Differentiating with 
respect to the time, 

dN r dJJ 7 
—j~ — / ——-da. 

dt J a dt 


(5 1 -a) 



(S I_ 3) 


But the time rate of increase of the number of tubes of force through 
the surface is equal to the number crossing the periphery from without 
to within per unit time plus the number of origins of discontinuous 
tubes passing through the surface per unit time from the positive to 

the negative side. The first is £ U -d\ X c integrated around the 

periphery of the surface, and, if V is the velocity of the origins of 

tubes, the second is — / pV -da integrated over the surface. There- 
fore Ja 


dN 

dt 


=/ 

-/ 


c X U-d\ 


f P V- 

CT 


da 


V X (c X U) • da 


-f. 


pW-da. 


Equating (51—4) to (51—3) we have 



V X (c X TJ) • da = 



) 


+ pV f ■ da. 


(5 I— 4) 
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As this equation holds for any surface cr, we obtain the circuital 
equation 


V X |~c X uj 


i 

c 


au 

dt 


+ pV 


( 5 1 — 5 ) 


of the vector field U. 

Now we are ready to write down the differential equations of the 
electromagnetic field. If we put E for TJ in (51—2.) and (51—5) the 
quantity p, since it has been defined as the number of ends of tubes 
per unit volume, represents the electric charge per unit volume, and 
pV the electric current per unit cross-section. Moreover the product 
(1 / f)c X E has been designated by the symbol H and named the 
magnetic intensity. Therefore the two equations under considera- 
tion become 


V-E = p, 

V X H = - (E + pV), 

c 


(51-6) 


where the dot over a letter indicates the partial derivative with 
respect to the time. It may be appropriate to emphasize that these 
equations are purely kinematical relations governing the moving lines 
of force of the vector field E as viewed by an observer in the inertial 
system S, and that their derivation does not require the use of even 
the Loren tz transformation. 

We have shown that E and H can be expressed as derivatives of a 
scalar potential < 3 ? and a vector potential A by (50—5) and (50—6). 
From these equations we obtain at once the pair of differential 
equations 


V-H = V-V X A = o. 


V 


XE= — V X V$ - - V X 

c 


6A 

dt 


I . 


-H. 


c 


(S I- 7 ) 


These, together with (51—6), constitute the complete set of differ- 
ential equations of the electromagnetic field. Collected they are: 


V-E = p, ( a ) V-H = o, (b) 

V X E = — - H, (c) V X H = - (E + pV). (d) 
c c 


(51-8) 


As these equations are identical with those formulated by Maxwell 
to describe in analytical form the experimental discoveries of Cou- 
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lombj Ampere and Faraday, we can now identify unambiguously the 
vector H = ( i/c)c X E with the magnetic intensity as measured 
experimentally. It may be recalled that the entire group of equations 
has been deduced by applying the relativity principle to the simple 
geometrical representation of the electric field of an element of charge 
relative to the inertial system in which it is momentarily at rest, by 
means of uniformly diverging lines of force the emittors of which 
have no angular velocity about the charge. As the differential equa- 
tions are linear in E, H, p, and pV and do not contain the components 
of c explicitly, they apply as well to the resultant of a number of 
overlapping elementary fields as to each individual field. 

By means of Gauss’ and Stokes’ theorems we can put the field 
equations in the integral form: 


f ~E-d(y— f pdr, (a) f H o, (b) 

fT T o'O’ 

/ E-aft. / H-*, (c) f H' A= - / (E+ pV) - d<x, (d) 

cj a J cj a 


(5 J — 9) 


where (a) and ( b ), in which the surface integrals are taken over the 
closed surface c bounding the volume r, are Gauss’ laws for electric 
and magnetic fields, (c) is Faraday’s law for the induced electromotive 
force around a closed circuit, and ( d ) is Ampere’s law for the magneto- 
motive force around a closed circuit as corrected by Maxwell to 
include the so-called displacement current. 

The differential equations satisfied by the scalar and vector poten- 
tials are easily obtained from (50—5), (50—6), (50-13) and (51—8). 
From (50—5) and (51—8#) we have at once 


VV<I> 



VA 


P> 


and from (50-5), (50-6) and (51—8^) 

. 1 • \ I „ 

V • A H — ^ 1 = pV. 

c / c 

Making use of (50-13) these become 

1 .. 

V • V<I> 2 = — p, 

T I 

V • VA o A = — pV, 

c c J 


V • VA § A - V 




(51-10) 
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giving $> in terms of the charge density p, and A in terms of the current 
density pV. In empty space, where p and pV vanish, both <I> and A 
satisfy a wave equation with velocity of propagation c. If, further- 
more, the field is static, and A each satisfy Laplace’s equation, 
that is, 

V • V<I> — o, 

V-VA = o. 

Problem 51a. Show that the equation of continuity 

ff + V-(pV) = o 

is a consequence of (51-8). 


<51-11) 


52. Boundary Conditions. — We can obtain from the field equa- 
tions (51—9) the boundary conditions at a 
surface MN (Fig. 47) of discontinuity 
separating two regions r 1 and r 2 . Let 
p a be the charge per unit area on the sur- 
face and V the velocity with which it is 
moving, and let ni be a unit vector normal 
to the surface and ti a unit vector tangent 
to the surface. If we apply (a) and (b) 
to the small pill-box A BCD with bases of 
area Ac parallel to the surface, we get 

El • ACTI -f“ E2*A(T2 = Per Ac, 

Hi • Act 1 -f- H 2 • Act 2 = o, 



where the subscripts 1 and 2 refer to the regions r 1 and r 2 respectively, 
A0-1 = — niAc and Atr 2 = niAc being the vectors representing the 
bases AB and CD, respectively, of the pill-box. Therefore 


E 2 -Hi = Ei-ni + p<r, 

H 2 *Hi = Hi -ni. 




are the boundary conditions for the normal components of E and H. 

To find the boundary conditions for the tangential components, 
let ABCD represent a small rectangle, the long sides AB and CD , of 
length AX, being parallel to ti. Applying (c) and (d) to this rectangu- 
lar path 

Ei • AXi " 4 “ E 2 * A\ 2 = o, 


Hi • A\i -f- H 2 • AX 2 = — paV • (ni X ti)AX, 

c 
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whe re A Xi = — tiAX and AX 2 = tjAX are the vector lengths of AB 
and CD, respectively. Hence 


E 2 *ti = Ei *ti, 

H2T1 = Hi -ti H — Pa V X Hi*tij 

c 


(52-a) 


are the boundary conditions for the tangential components of E and 
H, the second equation stating that the difference between the com- 
ponents of H 2 and H x along t x is equal to the component of the current 
density p ff V along a tangent to the surface at right angles to ti in the 
sense of the unit vector ni X h. 

The scalar potential <I> and the vector potential A are continuous 
across a charged surface. To prove this, consider two opposite 
points Pi and P2 at equal small distances either side of the surface, 
and treat the portion <ri of the surface in the neighborhood of Pi 
and P2 separately from the remaining portion <r 2 . Evidently the 
contributions to the potentials due to the charge and current on <r 2 
are continuous as we pass from Pi to P 2 . The small portion cri of the 
surface may be considered to be plane, and, as all parts of it are very 
close to Pi and P 2 , we may neglect retardation and use the simulta- 
neous expressions (50—11) and (50-12) to calculate and A at Pi 
and P 2 . But the form of these expressions shows that the potentials 
are the same at the two points, establishing the proposition we under- 
took to prove. 

From the continuity of the potentials the equality of the tan- 
gential components of E expressed in (52—2) follows immediately by 
virtue of (50—5), and the equality of the normal components of H 
expressed in (52—1) follows as a result of (50—6). To show the latter 
in detail, let the X axis be normal to the surface at the point under 
consideration, so that ni = i. Then 


H n = i-V X A 


dA Z dAy 
dy dz 


As both derivatives are along the surface, the continuity of A z and A y 
demands the continuity of H n . The second of the two boundary 
conditions (52—1) and the first of (52-2), then, can be replaced by the 
condition that the potentials are continuous. 

53. Generalization of the Field Equations. — It is of interest to 
investigate the form which the equations of the electromagnetic field 
would take in a world containing magnetic as well as electric charges. 
Let us denote by E e the electric intensity and by c# the velocity of 
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the moving-elements of the elementary electric fields produced by 
electric charge of volume density pe moving with velocity Ve, and let 
us put Hjs = (i/c)c.e X E#. Similarly we shall denote by H# the 
magnetic intensity and by c# the velocity of the moving-elements of 
the elementary magnetic fields produced by magnetic charge of 
volume density ph moving with velocity V#, and we shall put 
Ejj- = — (1 Jc)ch X Hjy. Then, corresponding to the transformations 
(47—2) and (47—4), which take the form 

Eex — Eex, 

E'ev — k{E E y — PHez\, 

E'ez = k { Eez + &He v } ; 

El Ex Hex, 

He V — k { Hev + &Eez } , 

H'ez = k{H Ez - (3 Ee v }; 
in our present notation, we have also 


Hhx = 

Hhx, 


H' Hy = 

k{H Hv 

+ $Ehz } , 

h' Hz = 

k{Hnz 

— &Eh y } ; 

E'hx = 

Ei ix. 


Euy = 

k { Elly 

— mnz } j 

E'hz = 

k { Eh z 

4- mHy } • 


Putting E = Ejs? E h and H = H# + we obtain by addition 
transformations for the resultant of any number of overlapping ele- 
mentary fields due in part to electric charges and in part to magnetic 
charges. These are 


Ex = Ex, 

Ey ' = k{E v - PHm], 


(S3- 1 ) 


= k{E. + pHy)i 

and 


Hy' = k{Hy + fi £,}, 

H.’ = k{H m - PEy ] ; 


(S 3 -») 


which are identical in form with (47-2) and (47—4). 
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The field equations (51-8) for the resultant field due to electric 
charges are 


V • E# = p Ey (a) V • H# = o. 




V X E# = — - El#, (c) V X H E = - (ti E + PjeVe), (d) 
c c 


(53-3) 


in our present notation. For the resultant field due to magnetic 
charges we have in place of (50 -5) and (50-6) 


Hjy = — Vfcjj — 
Ejy = - V X Ah, 


l dA H 
c dt 


( 53 - 4 ) 


( 53 - 5 ) 

the negative sign in the second being due to the fact that the definition 
of E// does not correspond in sign with that of J& E . These equations, 
together with (51—2.) and (5 1 — 5)> give us the following field equations 
for the resultant field due to magnetic charges: 

V-H/f = P//, (a) V -E// = o, {b) 


V X = - Ejjt, (c) V XB h 


~ (H/j -fi P// V//) . (d) 


(53-6) 


To find the differential equations satisfied by <T>// and A H we sub- 
stitute (53—4) and (53-5) i n ( a ) and (d) above, getting 


V • V <!># H V • A// = — P//, 

£ 

V-VA.H- 2 -A-ir — V(V -A h + - <\> n ) = — - P H V n . 

c c c 

But, as in (50—13) f° r the field due to electric charges. 


Therefore 


rr a 1 1 

V-A// H — = o. 

c dt 


V • V <f>// — ”2 ^7/ = — Pff, 


V • VA// "2 A// — — ~ P//V/7, 


(53-7) 


(53-8) 
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showing that in empty space $h and A#, like $£ and Ag, satisfy a 
wave equation with velocity of propagation c which reduces to 
Laplace’s equation for a static field. 

Adding the field equations (53-3) and (53-6), pair by pair, we 
obtain for the resultant of any number of overlapping elementary 
fields due in part to electric and in part to magnetic charges: 

V-E = Pg, [a) V-H = Pff, (b)' 

VXE=--(H + PtfVg), (r) V X H = - (E -f PfiVg). (d) 

c c J 

In this generalized form, the field equations are completely sym- 
metrical as regards electric and magnetic quantities. 
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THE ELEMENTARY CHARGE AND THE FORCE EQUATION 

54. Fields of Point Charges Moving with Constant Velocity and 
with Constant Acceleration. — In the last chapter we have deduced in 
closed form retarded expressions for the electric and magnetic intensi- 
ties, relative to the observer’s inertial system S, of the field of an ele- 
ment of charge moving with an arbitrary velocity and an arbitrary 
acceleration. These expressions, (48-7) and (48-8), specify E andH in 
terms of the distance [r] of the effective position of the charge, and the 
velocity [V] and the acceleration [f] in the effective position. Often, 
however, we wish to know E and H at a point P{x , y y z) at a time t in 
terms of the distance, velocity and acceleration of the charge at the 
same time t. Expressions of this character for E and H, or for the 
potentials 4 and A, we shall call simultaneous , as distinguished from 
the retarded expressions obtained earlier. Evidently simultaneous 
expressions for the complete field of an element of charge involve a 
knowledge of its entire past history. We can obtain simultaneous 
expressions for E and H in closed form for three types of motion: ( a ) 
rest, ( b ) motion with constant velocity, ( c ) motion with constant 
acceleration. For the general case of motion with an arbitrary velocity 
and an arbitrary acceleration we must content ourselves with infinite 
series. 

(a) Rest. The field of a point charge permanently at rest in the 
observer’s inertial system is extremely simple. As the effective posi- 
tion coincides with the simultaneous position, and as [V] = [f] = o 
and the radius vector has the same direction as c, equations (48-7) and 
(48-8) give 

E = ~~2 ~ > H = o, (54-1) 

47 vr r 

where r = [r] is the vector distance from the charge of the point P at 
which the field is to be determined. 
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(J?) Constant Velocity. If a point charge moves with constant 
velocity V relative to the observer’s inertial system, [V] = V and 
[f] = o. Hence 

_ r * / v 2 \ . n 


E = 


4.7rr 2 c 


(■ - 91 


(c - V) 


from (48—7). As the distance of the simultaneous position O of the 
charge e from its effective position Q (Fig. 48) is V\r\/c i 


H-fH 


cos ol = r v 1 — sin 2 (0 — <x), 


where 9 and a are the angles which r and 
[r], respectively, make with V. But 
[r] sin {6 — a) — (V[r]/c) sin 9 . Hence 




e/° ) V 

— * i — 5 

0 

Fig. 48. 


to 


c -V 


= r A 1 


K 2 

—5- sin 2 0. 


Furthermore, as the triangle formed by 
the vectors c, V and c — V is similar to 
the triangle VQO, 


Consequently 


c - V _ r 

" * H 


(54-2) 


E = 


47rr' 


(-£) , 

( V 2 . , Y i r (54-3) 

~2 sin 2 6 ) 


The magnetic intensity is most easily obtained from the definition 
H = (1 /<r) c x E. Asc X r = V x rfrom (54-2), 


H = 


(■ - 9 ) 


V X r 


47rr" 


V 2 

— 2~ sin 2 9 


(54 4) 


We see from (54-3) that the lines of electric force are straight lines 
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radiating outwards from the simultaneous position O of the charge, 
and that they are most dense in the equatorial plane 6 = 71-/2 and 
least dense along the polar axis 6 — o. As V approaches c the dis- 
parity in density increases, the lines of force crowding more and more 
toward the equatorial plane. If we draw lines of magnetic force in the 
direction of H it is apparent from (54—4) that they will be circles in 
planes at right angles to V with their centers on the line through the 
charge in the direction of the velocity. Like the electric field, the 
magnetic field, for a given r, is most intense in the equatorial plane, 
the disparity in intensity increasing with increase in V. 

Although it is often convenient to represent the magnetic intensity 
of an elementary field by lines of magnetic force in the direction of H 
with a density proportional to the magnitude of H, it must be noted 
that these lines do not possess the fundamental characteristics of 
lines of electric force and cannot be represented in general as the loci 
of moving-elements traveling with velocity c. For while the number 
of lines of electric force in an elementary field is and remains the same 
relative to all inertial systems, no matter how the motion of the charge 
with which they are associated may change, the number of lines of 
magnetic force is different to observers in different inertial systems and 
in any one inertial system the number increases with increase in 
velocity of the charge. On account of the field equation V-H = o, 
however, the lines of magnetic force always form closed curves. 

(c) Constaiit Acceleration . The integrated equation of motion of a 
point charge moving with constant relativity acceleration <j> along the 
X axis is given by (38-12). If we take the origin O of coordinates at 
the point where the charge comes to rest in the observer’s inertial 
system S, and the origin of time at the instant of this event, 
x 0 = t 0 — o, and (38-12) simplifies to 


x 




(54-5) 


Under the same initial conditions, the velocity relation (38-10) reduces 
to 


V 



r* 

A' 


1 + 




c 


•> 


1 


(54-6) 
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We shall compute simultaneous expressions for E and H at P 

(Fig. 49) only for the instant when 
the charge is at rest at the origin 
O. The distance [#] of the effective 
position Q of the charge from O 
and the velocity \V\ of the charge 
when in this position are obtained 
by making t = — [r]/c in (54-5) and 
(54-6) respectively. 

If we take the cross product of c 
by the factor inside the braces in 
(48-7) we get 



X 


But 


[(■- 


from (54-6) and 


[?] - [(■ - 


V 2\ 

)v + ^ f ' 

' C , 

V 2\ 

f rfl 


' c J 


r4>"| 

~ 7 ) 

c J 


] 


X c. 


from (38-9). Consequently c X E — o and E at P is directed along 
the line QP drawn from the effective position of the charge. AsHs 
(1 A)c X E there is no magnetic field at the instant considered. 

It follows that 


E = - 2 c-Ec = 
c 2 



(54^7) 


From the figure and (54-5) with t = — [r\/c we have 


r cos 6 
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where 6 and a are the angles which r and [r], respectively, make with 
<t>, or 

-l/t i * 2 H 2 i , <t>r 

\ i H 4 — H 2~ cos a = H — 2" cos 0- 


Now, putting / = — [r]/c in (54-6), we find that 


1 — 


c-V 


1 + 


<t> 2 [r\ 2 , 4 > [r] 


COS Oi 


<frr 

1 H — o" cos 6 

c 2 


It remains to express [r] in terms of r and 6 . From the figure and 
(54-5) again, 


[r] 2 — r 2 — 2 r 
which gives 


0 2 H : 


c*\ 


<t> 2 [rf 


1 + ^r- - 1 cos e + Vi + ^ - 1 


H = 


<f>r d> 2 r 2 

1 H £ cos 0 H 4- 

f 4 6 ' 

<j>r 

1 H — 2 cos & 

c 


Therefore 


E = 


4«- V 1 + 7 cos « + 


<*>V\ ~c' H - °* 

4 .c 4 J 


(54-8) 


From the figure we have 


sin(a — 0) = 


OQ sin 0 


cos (a — 6 ) = 


r — ()0 cos 6 


<f> r . 

— 5 sin d 

2c 2 

<pr <f> 2 r 2 

1 H — 2 cos ® H i" 

c 2 4^ 4 

, <£r 

1 ~r o cos 6 

ic 2 

I 4> r <f> 2 r 4 

V 1 + T5 cos 6 + — 4 


(54-9) 
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Consequently the radial and transverse components of E are 


E r 


e 

471T 2 


4>r 

1 H 5 cos 6 

ir 



, 4> r 

H — o cos 6 -(- 

c 


4> 2 r 2 Y 5 

4f 4 / 



e 


— 5 sin 6 
2 c 2 



, 

+ -g- COS 0 + 

c 2 


OT* 
4 ^ 4 / 


(54-10) 


We can also express E as the sum of a component along the 
radius vector r and a component in the direction of <(>. Then, as 
sin a/sin 6 = r/[r], 


E = 


471-r' 


(■+? 


cos 6 + 


4?r 2 ^ 


V 


') 


K 


(f>r 

1 H — o cos 6 






2<t> • (54-ii) 


This expression for E shows us that there is a component of the elec- 
tric intensity opposite to the acceleration <j> of the charge e in addition 
to the component along the radius vector. The former, which falls 
off inversely with the first power of r for r « r 2 /0, would give rise to 
an electrical force on a neighboring charge of the same sign in the 
opposite direction to the acceleration of e. We shall see later that 
this force contributes to the mutual mass reaction of a closely packed 
group of charged particles. 

Next we shall investigate the geometry of the field. Evidently the 
lines of electric force are curves in planes through the X axis. As the 
line of force through P has the direction of [r], its differential equation 
is 


dd 


r 


dr 


tan(a — 6) = 


<l>r . 

— 5 sin 6 
2 c 2 


4>r 

1 H 5 cos 6 

2C 


from (54-9) • The solution of this equation is 

<br <bb 

cot 0 H 2 esc d = — 5- , 

2 C 2 c 2 
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where b is the constant of integration, or, in more significant form, 

/ r 2 V A 

y cos 6 + + (r si n d — b ) 2 = ~ b 2 . (54-12) 

The lines of electric force, then, are circles through the instantaneous 
position O of the charge with centers lying on the plane ^ — c 2 /<f>. 

As the lines of force at the distance [r] from the effective position Q 
of the charge are directed along the radius vectors drawn from Q , a 
sphere of radius [; r ] with Q as center will be intersected orthogonally 
by all the lines of force diverging from the charge. The family of 
spheres so constructed may be called level surfaces . Although the 
field under discussion cannot be described in terms of a scalar poten- 
tial alone, the level surfaces correspond in many of their properties to 
equipotential surfaces in electrostatics. 

A section of the field cut by a plane through the X axis is shown in 
Fig. 50, the lines of force being represented by solid lines and the level 



surfaces by dotted lines. The level surface^-# at the distance x = — c 2 /<j> 
from the charge e terminates the field, for this plane is the locus 
of those moving-elements which were emitted by the charge at the 
time t = — 00 , and it is obvious that no moving-elements emitted at 
a later time could have proceeded as far as the plane AB by the time 
t = Although the field terminates at a finite distance from the 
present position O of <?, the plane AB is infinitely far from the position 
occupied by e when the field now in the proximity of AB was emitted. 
Physically it is unjustifiable to extrapolate the type of motion under 
consideration indefinitely far back in time, and it is only on account 
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of this unwarranted procedure that the field terminates in the finite 
part of the observer’s inertial system. If the charge had been during 
all past time in the finite part of this region, the present field would 
extend to infinity. 

It is interesting to interpret the field described by the analytical 
expressions we have derived in the region to the left of AB , even 
though in so doing we are forced to introduce the concept of advanced 
fields which we have definitely excluded from our physical theory on 
account of its teleological implications. The continuations of the cir- 
cular lines of force, represented by broken lines in the figure, meet at 
Oi, indicating the presence there of a charge — e which moves along 
the X axis as the mirror image of e in AB. Since the moving-ele- 
ments are directed toward —e instead of away from it, the portion of 
the field to the left of AB is advanced instead of retarded. Actually 
we have a combination of two elementary fields, the retarded field of 
e to the right of AB continuing as the advanced field of the image 
charge — e to the left. While the former field expands with the time, 
the latter shrinks. 

As c at the time t — o is everywhere tangent to the lines of force, 
a circular line of electric force of radius p at time t — o becomes a 

circle with the same center and radius V / p 2 + c 2 / 2 at time t ^ o. 
Moreover, as c is not tangent to the lines of electric force at time 
t o, a magnetic field comes into existence the lines of force of which 
are circles in planes at right angles to the X axis with centers on this 
axis. At a time t the electric field of e is identical, except in its 
extent, with that at the time — and the magnetic field is the same in 
magnitude but opposite in sense. 

Problem 54a. Obtain (54-3) and (54-4) from (54-1) by means of the 
transformations (47-5) and (47-6) for E and H. 

Problem 54b. Show that when the charge e (Fig. 50) is at rest in any 
inertial system S', the image charge — e is also at rest. 


Problem 54c. Find the scalar and vector potentials for the field of a 
point charge moving with constant velocity and obtain (54-3) and (54-4) by 
differentiation. 


Ans. 



A = 



eV 

47 T rc y 

1 V 2 

J 1 - sm2e 


55. Lagrange’s Expansion. — We have found simultaneous 
expressions for E and H in closed form for three special types of 
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motion of an element of charge. In general, however, we must have 
recourse to an infinite series. The type of series suitable for the pur- 
pose of expressing a retarded quantity in terms of the simultaneous 
values of the quantity and its derivatives was first developed by 
Lagrange. 

In accord with equation (49—1) the time [/] at which the effective 
position of an element of charge is occupied for calculation of the field 
at time t is W = / - HA, where [r] itself is a function of [/] which we 
can indicate by writing [r] = /([/]). Our problem, then, is to express 
an arbitrary analytic function u([f]) as a series in u{t) and its deriva- 
tives with respect to /, when [/] and t are connected by a relation of the 
form \t\ — t— f(\t\)/c. We shall formulate the problem in a slightly 
more general manner, as follows. Let [/] be a function of the inde- 
pendent variables t and <2, where 

M = t + (55- 1 ) 

We wish to expand a function «([/]) as a series in u{t) and its deriva- 
tives with respect to /. 

Since u([t\) is a function of the independent variables t and <x 
through [/]» we can accomplish our objective at once by expanding 
«([/]) as a Maclaurin series in powers of a, that is. 


«(W) — {«(M)}«=o + ~j 

1 « 



+ 




«(W) r + • • ■ + 


a 


n 


«SS= sO 


n 1 



(5S~ 2 ) 


for [/] — / when a — o according to (5 5 — r ). As {«([/]) = «(/), all 

that remains is to express the derivatives of u with respect to a in 
terms of derivatives with respect to t. 

Differentiating (55—1) first partially with respect to t and then 
partially with respect to a. we obtain 



Consequently 
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and 


-'< W) 3r <W) f ?,“«■ <«-3> 

which gives for the first derivative 



= /M u{t). 


(55-4) 


If we differentiate (55-3), remembering that this equation holds 
when /([/]) replaces «([/]), 

h B(W) = £ /(W) I “ (W) +/(W) i a(W) 

=/(W) J/(M) | «(W) +/(M) ^ {/(W) | «(W>) 

-||7(FI)'J.(W)j, ( 55 - 5 ) 


which gives for the second derivative 

I ui[l]} L = if m ‘‘ 2 i aW 1 ' (55_6) 

The remaining derivatives can be obtained by mathematical induc- 
tion. We assume that 


d n 

dF 



d n_1 

dF - 1 




(55-7) 


and differentiate with respect 






a n+1 

do! n+l 


« ( W) = ^ {-£/([/])" | «(W) +/(W) n ^ «(W) 


l 


A n ~ 1 I 

= T^=i /(M) 


3/ 


= 5{/(W)” +1 ^(W)[. 


wr v w j 

itM? J t «(M) +/7WT i {/(M) | -(H) } } 


Hence, if the formula (55-7) holds for a positive integer «, it holds 
for « + 1. But we have proved that it holds for n = 2. Therefore 
it is valid forw = 3 , 4 , 5 ,- • 
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in — 1 




-n d 


uit) 


( 55 - 8 ) 


Finally, then, Lagrange’s expansion (55-2) for «([/]), where [/] is 
related to t by (55—1), is 


«(M) 


, . . a N d , . . ck 2 d \ : 

" (/) + 7 "! /(/) 7 / “ w + Ti It 


«(/) r- + 


a” n d 




+ 


(55-9) 


In obtaining simultaneous expansions of retarded quantities we 
are interested in the case where (55—1) takes the form 

Hence a = — i/V, /([/]) = [r], and/(/) = r. So, if we put [«] = «([/]) 
and « = u(t) in accord with our usual notation, (55—9) becomes 


\u\ = u 


I \c dt 


I du I d ( 

u ~ TVc r dt + It V 

( r n M , 

» !<r" dt n ~ l \ dt) 


9 du 
r z -- 


( 55 _I °) 


which, as it is a power series in i/r, converges very rapidly when r and 
its derivatives are small. 

56. Simultaneous Expansions of Potentials and Field Intensi- 
ties. — We are ready now to use Lagrange’s series (55—10) to find 
simultaneous expressions for the scalar p 

potential 4 > and the vector potential 
A in the elementary field of an element 

of charge. Then by differentiation in / 

accord with (50-5) and (50-6) we can l/‘ *** 

obtain simultaneous expressions for E y 

and H. 

Let [rj (Fig. 51) represent the Q 0 

vector from the field-point P at which Fig. 51. 

we wish to evaluate the potentials at 

time / to the effective position Q ([.v], [y], [2:]) of the charge, and 17 the 
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vector from P to the simultaneous position O (x, y> z) of the charge. 
As here defined [rj and r e have the same magnitudes as, but opposite 
senses to, the vectors previously designated by [r] and r, respec- 
tively, and therefore [rj is in the opposite sense to c. Consequently 
[c-V/f 2 ] = — [r e /c\ and [V] = [rj, the dot over a letter representing 
the derivative with respect to the time. So (50-7) and (50-8) become 



( 56 — !) 


(56-2) 


Let w stand for any one of the quantities i/r ey x/i~ ey yjr ey z/r e . 
Then, using the binomial theorem first, and afterwards applying 
Lagrange's expansion to the whole series obtained. 





■ j • • • 


1 r e . 1 r e d 

— w - 1 7 

ilc i ! c dt 



+ * • • 



and so on. 
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Adding by columns we get 

w 


r-vi 

L' : 


Te I = W — 

Cn 


I d I r 0 ] , 1 d 2 [ 


I+-I ~ lldtl™ cl + 7 ld 7 2 \ 


& 


+ 


(56-3) 


The combination of the terms in the first three columns is obvious; to 
prove the correctness of the nth derivative we note that 

w[ — ) l - J 14- - - U L2 ) — W1 1 L? T -2 1 


— t LV-. L 1 1 CL L 

(hY , i. r. d { (hY - 1 1 1 d [ ( r e \ 2 d [ /r,\ 

U + i\cd t [ w \c) j + risiw iK - J 


d {r. 
dt\c 

1 

2! dt 2 


w 


fc) n l \ + LA\(^d\(r 1 y 

\c / J l\ d( Wc / dt\ \c ) 

n — 2 1 


{(?)■*(?) 


- 21 ] 


+ 


= l^f (re Y 
n\ dt n I W 




J 


Putting i/r„ for to in (56-3) we get for the scalar potential the 
simultaneous series 

i„i(i _ 0 + ii!((!iYi| + ... 

4 71 " 'll dt 2 IVr/ r t I 

(-i) n ,/’* f/r.Y 1 

r»lw 7 . 


+ 


n ! c it ; 


+ 


> (5 6 -4) 


and putting x/r ci y/r Cj z/r c in turn for w to get the three components 
of the vector potential, we have, on recombination into a single vector 
equation, 

, ly _i_d !(r.\ Vl _ t 1 tf-j / r,.\ 2 V | 

4 « Ir. 1 ! dt l V / rj + 2! dt 2 { \ c) 7J + "‘ 

. (-O’* d* f/VA” V] I 

+ ~«! <//» tW r c l + "T ( 5 6- ^ 

In differentiating (56-4) and (56-5) to find E and H we must be 
careful to distinguish between the coordinates x Pi y Pi z P of the point P 
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at which we wish to evaluate the field, and the coordinates x, y 3 z of 
the charge. Both sets of coordinates appear in the simultaneous 
expressions (56-4) and (56-5) for the scalar and vector potentials 
only through r e) which represents the function 

r e - y/ {x — #p) 2 + O' — ~yEf T (z — zp) 2 , 

the coordinates x 3 y 3 z being functions of the time t. So the differential 
operator V appearing in (50-5) and (50-6) is 


V = i 


_j_ j fy — 

dxp dyp dzp 


(56-6) 


in our present notation, and the differential operator with respect to 
the time, which is identical with that appearing in (56-4) and (56-5), 
acts on x 3 y 3 z, V X3 V y3 V z . 

We shall calculate only the first four terms in the simultaneous 
series for E and the first two in that for H. We find 
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dxp 47r l r e 3 
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H* - 


dA z 

SA V 

dyp 

dzp 
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f y — yp 

4 ire 

T ® 
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V m 


z — Zp 

*• 3 
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Combining these with similar expressions for the other components 
of E and H we have the simultaneous vector expressions: 


E = — 


* r e , 

2 — + O 

A^ r e r e 




H = — 


87rc 2 

* V X r 


+ 


6 ttc 3 


Ac^l'e 


cr* 


+ o + 


, (56-7) 


(56-8) 


where r e is the position vector of the elementary charge e relative to 
the field-point P at the time / at which the formulas give the electric 
and magnetic fields at P. If we distinguish terms in the series by desig- 
nating the term in 1 / c n as the nth order term, the series for E has 
been carried through third order terms and that for H through second 
order terms. 

Generally it is more convenient to write the expressions (56—7) 
and (56—8) for E and H in terms of the position vector r of the field- 
point P relative to the charge e. This necessitates the substitution of 
— r for r ej giving 


E = 


e 

4ir r 2 


r 


— T - o 

r 


* ff , ( f * , vTf 2 > 1 , < . 

Stc 2 Ir + Vr 3 r 3 +3 r 5 )*! 1 < 'S 6 ~9) 


H = 


_e__ V X r 
47rr 2 cr 


-J- o -f- * * • . 


(56-10) 


If the charge is momentarily at rest in the observers inertial 
system, V = o, and these equations can be written in the form 


E = V 

47T 


© 


+ O — 


f e 
'2 ~ + 


47 rc* r 871 -c* 


(v) 


+ £? + •••’( 5 6 -n) 
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H = o + o + • • •, (56-12) 

since 



where V is given by (56—6). 

57. The Lorentz Electron and the Force Equation. — Although 
we shall discuss specifically the electron in this and the next two 
articles, our analysis is applicable to any elementary charged particle, 
whether positive or negative. A vast amount of experimental evi- 
dence has been accumulated to show that all elementary charged 
particles carry charges of the same magnitude, namely 4.Bo(io ) — 10 
electrostatic units, but no precise experimental evidence exists as to 
the volume occupied by this charge or as to its geometrical distribu- 
tion. Symmetry suggests, however, that, relative to the inertial 
system in which the electron is momentarily at rest, the charge is 
distributed through the volume of a sphere in such a manner that the 
density of charge is a function only of the distance from the center, 
and, in order to simplify calculations, it is convenient to suppose that 
the charge is confined to the surface of the sphere. The latter assump- 
tion does not limit the generality of the qualitative conclusions to be 
drawn from our analysis, for it merely fixes the coefficients of the 
expressions to be deduced within a range extending some twenty-five 
per cent to the one side or to the other. We define the Lorentz 
electron , then, relative to the inertial system in which its center is 
momentarily at rest, as a uniformly charged spherical shell of radius a 
and charge <?, every point of which is simultaneously at rest. On 
account of the Fitzgerald-Lorentz contraction, the shape of the 
electron relative to any other inertial system is approximately that 
of an oblate spheroid with the short axis in the direction of its velocity. 

First we shall compute the field of a Lorentz electron relative to 
the inertial system S in which it is momentarily at rest. As V = o, 
(56—11) and (56—12) give for the field intensities 



H = 


o. 



f -r de 

r 


+ 


ef 

6ttc s 3 


(57- 1 ) 


(57-2) 


to the degree of approximation to which the series have been carried. 
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Let R (Fig. 52 ) be the vector distance of the field-point P from 
the center O of the electron, and a the vector distance of de from O. 
Then 

r = R — a 


and, if 9 is the angle between a and R, 


Consequently 


R 2 — iRa cos 6 a 2 . 


e . e 

de = — sin 9 d9 d<f> = r dr dcj> 

4 tt yizaR 


where 4> is the azimuth measured about R. 


(57-3) 


(57-4) 



Therefore 


Fig. 52 . 


/?- 


zaR ' 'n 


X 


outside, 


- inside, 
a 


since the limits r\ and of r for an outside field-point are R — a 
and R a, and for an inside field-point a — R and a R. 

Asf-r = f-R — fa, 


c/ ? +S p 


a de 


Now 


a == a{i cos 9 + j sin 9 cos <t> -|- k sin 9 sin <f>), (57 — 5) 

f a = a(f x cos 9 -f- J u sin 6 cos 4> + f z sin 9 sin 4>). ( 57 ~ 6) 
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Using (57—4) for de> and integrating first with respect to <f>, 

r f-a.de _ £fjR f 

J e r 1R 2 Jr 


cos 6 dr. 


Next, if we express cos d in terms of r by means of (57—3), 


j" cos 6 dr = ( R 2 -j- a 2 — r 2 )dr = J 
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lR 
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(57-7) 


which gives 
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inside. 
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f -R outside. 
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Hence, for an outside field-point. 
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whereas for an inside field-point, 
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( 57 ~ 8 ) 


47 rac" 


I lirac* 


6ttc z 


.jL. , _fL , 

birac 2, 6 ttc 3 


( 57 - 9 ) 


Except for the zero order term, the field is continuous at the sur- 
face of the electron, as indeed is required by the boundary conditions 
(52-1) and (52-2), which are satisfied by the zero order term alone. 
Of course (57—8) represents the field only for small values of R, since 
the series of which it constitutes the first few terms does not converge 
at large distances from the electron. 
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Relative to the inertial system in which it is momentarily at rest, 
we define the force exerted on an element of charge de by a field E as 
the product E de. If, then, a Lorentz electron is momentarily at 

rest in system S , the resultant force to which it is subject is / E^de, 

& 


where E t is the vector sum of the external field Ej and the field E 
due to the electron’s own charge. 

So far the development of our theory has consisted in formulating 
definitions consonant with the principle of relativity. A collection 
of definitions cannot in itself constitute a physical theory. We now 
make the essential assumption which completes our theoretical struc- 
ture and makes it into a physical theory capable of correlation with 
observation. This assumption, which we shall call the dynamical 
assumption , asserts that, relative to the inertial system in which it is 
momentarily at rest, the resultant force on an electron always vanishes. 
In other words, the sum of the external force and the force exerted on 
the electron by its own field is equal to zero. The latter force we 
call the kinetic reaction of the electron. 

To calculate the force on the electron due to the continuous part 
of its own field, which is given at the surface of the electron by (57-9), 
all that is necessary is to multiply by de and integrate over the surface 
of the particle. As regards the discontinuous part of the field, which 
is zero inside the surface and equal to the first term in (57-8) outside, 
we must multiply the arithmetic mean of the field just inside and that 
just outside the surface by de and integrate over the surface. The 
reason for this is clear if we think of the charge of the electron as 
distributed between two concentric shells of radii a— §A a and a + 2 

and recall the first of the two boundary conditions (52-1), which tells 
us that the normal component of E increases at the same rate as the 
charge when we pass through the surface of the electron. 

Evidently the discontinuous part of the field leads to no force on 
the electron as a whole in this case, and we have from (57—9) 


<?Ei — 


e* 


brae* 


6irc s 


at + 


( 57 - 10 ) 


provided Ei is sensibly constant over the small volume occupied by 
the electron. 

Equation (57-10) is the equation of motion of the electron relative 
to the inertial system in which it is momentarily at rest, the coefficient 
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of f being known as the rest mass of the electron. If we put 

_ * 2 

m = n ~ 6 ttc 3 ’ 

the equation may be written 

<fEi = mi — ni + • • •• ( 57 - * 11 ) 

Generally the second term on the right is so small compared with the 
first as to be negligible. Then the dynamical assumption leads 
directly to Newton’s second law of motion, which may be considered 
to be a deduction from electromagnetic theory. As the experimen- 
tally measured value of the rest mass of the electron is 9.0(10) " 8 gm, 
our formula gives 1.9(10)“ 13 cm for its radius. Since the radius is 
inversely proportional to the mass, the radius of a proton, if it is an 
elementary particle, must be only one eighteen-hundredth as great. 
As regards order of magnitude, these values of the linear dimensions 
of elementary particles are in good accord with our knowledge of the 
structure of atoms, in particular with the information acquired from 
the study of the deflection of alpha particles by thin foils, which indi- 
cates that the radius of the nucleus is of the order of magnitude of 
(io)“ 12 cm. 

If the electron has a velocity V relative to the observer’s inertial 
system S, it is momentarily at rest in an inertial system S' moving 
with velocity v = V relative to S. Hence 

eEi' = mi' — ni' + 


Transforming to 5 by means of (47-2), and (43-7) and (43-8), we get, 
after putting V for v, for the three components of the equation of 
motion. 


eE lx = 
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e |jEi* ~ Hiy^ 
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3 * f-V 

y2\2 c 2 f*' * • * > 


where Hi is the external magnetic intensity. These can be combined 
into the single vector equation 
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f H- “a Cf XV) XV [ + .... (57-12) 


The left-hand member of this equation we may name by definition 
the external force on the electron, for it reduces to <?Ei when V = o. 
We see then that, when the acceleration is in the direction of the 
velocity, the coefficient of the acceleration in the first term on the 
right of (57-12) is 
m 

m i = ~j ~yV\M > 

V"77 


whereas, when the acceleration is at right angles to the velocity, this 
coefficient is 


m 



The first is called the longitudinal mass and the second the transverse 
mass of the electron. Both are monotonically increasing functions 
of the velocity, becoming infinite as V approaches c. Hence no finite 
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electromagnetic field can ever give an electron a velocity as great as 
that of light. 

In cases where terms involving the squares of V and f are negligi- 
ble, (57-12) reduces to the simpler form 

e |ei + - V X Hx | = mi — nt + (57—13) 

whereas in cases where it is possible to neglect terms in the square or 
time derivative of f but necessary to retain those in V 2 /c 2 , 

e |ex H-^VXHxj = -^ ( m t V ) (57-14) 



By analogy with the Newtonian dynamics we name the vector quan- 
tity mfV the linear momentum of the electron. 

So far our attention has been directed to an isolated charged 
particle. When a number of elementary charged particles are very 
close together, as in the nucleus of an atom, we can treat them as a 
group only if we take account of the forces exerted on each by its 
neighbors as well as the force due to the external fields Ex and Hi- 
If we neglect terms in V 2 / c 2 it is clear from (47-5) and (56-10) that 
the electric field of one of the constituent particles is given by (57-8), 
and that the magnetic field may be ignored since it is proportional to 
V/c and therefore leads to no force on a neighboring particle in a 
lower power than the square of this ratio. If we suppose that the 
particles revolve about one another in such a way that the line joining 
S-ny two particles assumes all orientations with equal frequency, the 
time average of the expression f-RR appearing in (57-8) is -§ 7 ? 2 f c , 
where f c is the acceleration of the group as a whole. Therefore, if 
r ij is the distance between the z'th and the^'th particle, the time average 
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of the force exerted on the ;th particle by neighboring particles is 




from (57-8), where i c like f c refers to the group as a whole. 

Let the group of particles be in external fields E, and Hr which 
Wdl be supposed to be sensibly constant over the small region occu- 

pied y the group. Then the time average equation of motion of the 

zth particle is 


+ - V c X Hi 


Z € j£± f 

6irrijC 2 c 
3 



77-ii C y 


since the time averages ; of V,-, f, and f, are the velocity V* acceleration 
f c and rate of change of acceleration f c of the group as a whole. Sum- 
ming up over all the particles, and putting , = 2 * for the net charge 

of fhe trrnnn » & 


« Ei + - V t X H, 





( 57 - 15 ) 


where the double sum is to be taken over all pairs for which i ^ j. 

It appears from (57—15) that the effective mass of the group 
exceeds the sum of the masses of the individual particles, when 
isolated, by the mutual mass 


m m 



€i€ j 


6TrrijC 2 


(57-16) 


Charges a and ej of the same sign lead to positive terms in this sum, 
wheieas charges of opposite sign lead to negative terms. Now the 
zero order internal forces, specified by the first term in (57-8), tend 
to bring unlike charges as close together as possible and to separate 
like charges as far as possible. Hence, if equal numbers of charged 
particles of each sign are present in the group, we would expect the 
sum of the negative terms in (57-16) to exceed in absolute magnitude 
the sum of the positive terms, on account of the factor 1 /r t -y in each 
term. Thus electromagnetic theory is able to account, at least quali- 
tatively, for the mass defects of atomic nuclei of complex structure. 
The last term on the right of (57-15) depends only on the total 
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charge, and vanishes if the number of positive particles is equal to 

the number of negative particles. 

From (57—12) we find for the work done by the external field on 

an isolated electron in the time t — to 



if we integrate the term in f by parts, where the subscript o refers to 
the time to. The expression 



(57-i «) 


already obtained for linear motion in (38— 13), is known as the kinetic 
energy of the electron. As here defined the kinetic energy does not 
vanish when V = o, but this is a matter of no consequence as experi- 
ment measures only the change in energy between two states, and 
little if any significance can be attached to absolute energy values. 
The term 

_ »f-V 

has been called the acceleration energy. Both the kinetic and the 
acceleration energies represent a reversible storage of energy, since 


( 57 -! 9 ) 
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they can be recovered in the form of work by bringing the electron 
back to its original state. The last term in (57—17), however, repre- 
sents an irreversible dissipation of energy, which occurs at the rate 



(57-20) 


per unit time. As we shall see later this energy is radiated away from 
the electron in the form of electromagnetic waves. In terms of the 
acceleration f' of the electron relative to the inertial system S' in 
which it is momentarily at rest, the rate of dissipation of energy 
relative to S takes the simpler form 

e 2 /' 2 
67 rc 3 5 


(57-21) 


as is evident at once from (43—6). This shows that the quantity 
under consideration is an invariant of the Lorentz transformation. 
As the dissipative term in (57-17) comes from the term in f in the 
equation of motion (57-10), the latter term (with changed sign) is 
called the radiation reaction in contrast to the term in f which repre- 
sents (with changed sign) the mass reaction. These are only the 
first two terms in the series for the kinetic reaction. 

From (57-12) we are able to formulate the usual force equation 
of electromagnetic theory. We have shown that <?{Ei +(iA)VXH ,1 
represents the force on a charge e moving with velocity V due to the 
fields E t and Hi. Hence the force per unit volume on charge of 
density p per unit volume, moving with velocity V relative to the 
observer’s inertial system, due to fields E and H is 

& = p ^E + ~ V X • (57-22) 

If E and H represent the resultant field intensities, every elementary 
charge in the moving substance moves in such a way that the inte- 
grated force acting on it vanishes. 

Combining this equation with the field equations deduced in arti- 
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cle 51 we have the complete set of electromagnetic equations for 
charges in empty space. They are 

V-E — p, (a) V-H = o, (£) 

V X E = — i H, (c) VXH = i(E + pV), tf) . (57 _ 23) 

^=p(e + -^VXhY (e) 

It should be noted, however, that the force equation rests on a much 
less secure theoretical foundation than the field equations. 

58. The Spinning Electron at Rest. — Modern spectroscopic 
theories demand an electron spinning around a diameter with a half 
quantum of angular momentum in order to explain the fine structure 
of spectral lines. Also there is some evidence that the electron 
possesses an electric moment as well as a magnetic moment. There- 
fore we shall modify the model of the electron investigated in the last 
article so as to provide it with both a simple magnetic moment and a 
simple electric moment as well as a net charge e. Specifically we 
shall assume the electron to be, relative to the inertial system in 
which its center is momentarily at rest, a charged spherical shell of 
radius a with the uniformly distributed surface charge de 1 = edSl/^ir 
in the solid angle d£l, and the non-uniformly distributed surface 
charge de 2 = 3p#-a^2/4 7r < :z2 > where a is a radius vector from the 
center of the electron to the surface element under consideration and 
Ve is a vector independent of the coordinates. The uniformly dis- 
tributed charge de 1 we shall suppose to be spinning about a diameter 
with angular velocity co, supplying the electron with angular momen- 
tum and a magnetic moment. On the other hand, we shall suppose 
that the non-uniformly distributed charge de 2 , which is responsible for 
the electric moment, does not partake of the spin. Since the integral 
of de 2 over the entire surface of the electron vanishes, the non- 
uniformly distributed charge contributes nothing to the net charge e. 

In this article we shall investigate the electric and magnetic 
fields of an electron which is permanently at rest in the observer’s 
inertial system and for which the vectors o and p# are constants in 
the time, and shall calculate the forces exerted on the electron by 
external electric and magnetic fields. In the next article we shall 
compute the reaction exerted on the electron by its own field when it 
is accelerated and when o> and p e vary with the time. 
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As we are concerned here with a steady state of motion we can use 
the simultaneous expressions (50-11) and (50-12) for the scalar and 
vector potentials. In terms of the notation used in Fig. 52, the linear 
velocity of the uniform charge at any point on the surface of the 
electron is <0 X a, and the two potentials become 


<£ = 

A = 



( 58 - 1 ) 

(58-2) 


The first integral in (58-1) we have evaluated in the last article. 
Since 


d£l = sin 9 d 9 d<f> = 


1 

~^R 


r dr d<f> 


(58-3) 


from (57-4), we have, with the aid of (57-5), 


3 

d ?2 — 2n cos G H“ pEy sin 9 cos 4> + pEz sin 9 sin 4>)r dr d<t> 

47 TtZ zv 

(58-4) 


and, integrating first with respect to <£, 


f dc?. 3Ps -R f 

M T = l^J r COS 6 dr = 


f p^R 

R 3 


outside, 


P-e-R . .j 
— 3 — inside. 


from (57-7)- Hence 


a 


<j> = 


+ outside, 


4-ttR 4 ttR c 

e . Ps-R. 

H 3- inside. 

,\Tva 4 ra 


(S«- 5 ) 


The electric moment of the charge pdr in an element of volume dr 
relative to an origin O is defined as tpdr , where r is the position vector 
of the volume element relative to 0 . Evidently the electric moment 
of a dipole consisting of two equal charges of opposite sign q and — q, 
of which the first is at a vector distance 1 from the second, is equal to 
ql, a quantity which is independent of the position of the origin O. 

If a is the angle which the radius vector a from the center of the 
electron makes with p e and y is the azimuth, the non-uniform charge 
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becomes de 2 = 3 Pe cos & sin 01 da dyj ^ira and the electric moment of 
the electron is 

/ 2tt s* 7 r 

/ cos 2 a sin a da dy = p e- (58—6) 

J 

To evaluate the vector potential (58—2,) we need 

<0 X a — a{i(o 3 y sin 8 sin <fi — co z sin 8 cos <f> ) 

— J- j(^oi z cos 8 — cox sin 8 sin <£) — f~ k(ccx sin 8 cos <fi cos 8 s ) J 7) 

from (57-5), and de 1 as expressed in (57-4)- Then, if we integrate 
first with respect to <j> and use (57—' 7), 


X 


00 X a de 1 


iR 


(joo z — kcxi 


,»/ 


cos 8 dr = 


ea 


„o co X R outside, 

3 r 

€ 

— a> X R inside, 

L 3 a 


giving 


A = 


ea 


1 IttcR 3 


00 X R outside. 


(58-8) 


1 1 'lirac 


00 X R inside. 


The magnetic moment of the current pVdr in an element of volume 
dr relative to an origin 0 is defined as ( i/ 2 .c)x X pV^/r, where r is the 
position vector of the volume element relative to O. Thus the 
magnetic moment of an element d\ of a linear circuit carrying a current 
i is (i/zc)i X d\, and the magnetic moment of the entire circuit is 
equal to the product of if c by the vector area of the circuit, a quan- 
tity which is independent of the position of the origin O. 

If a is the angle which a radius vector from the center of the 
spinning electron makes with the axis of rotation, the charge per unit 
length of the annular ring subtending the angle da is (<? / \ird)da. As 
this charge has the velocity ua sin a, the current flowing around the 
annular ring is ( eoif^ir ) sin Wa, and the magnetic moment of the 
electron is 


P h = 


2 /'*■ 

ea c& j 

4 C 


ea 


. ^ » 

sin 1 a da — co. 


(58-9) 
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In terms of its magnetic moment the vector potential (58-8) of 
the spinning electron is 


A = 


\ p/r X R 

-^3- outside. 


47Ti 


P h X R 

. 47 r< 3 3 


inside. 


(58-10) 


Outside the electron the field intensities are 

1 

E = — V4> = 47nR 5 ^ + (P e X R) X R } , 

H = V X A = ^—^5 { sp // * RR + (pH X R) X R } , 

and inside 


E = — V3> = 

H = V X A 


P E 


47172 

P H 


3 > 


lira' 


3 > 



( 58 - 11 ) 


(58-12) 


from (58-5) and (58-10), satisfying the boundary conditions (52-1) 
and (52-2). Both fields are uniform in the interior of the electron. 
The di rections of the lines of force of the field of either moment is 
shown in Tig. 53. In the case of the magnetic field, the lines of force 
inside the electron have the same sense as outside, whereas in the case 
of the electric field the sense inside is reversed. 
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Next we shall calculate the force and torque exerted by external 
electric and magnetic fields on an electron momentarily at rest in 
the observer’s inertial system. In making this calculation we shall 
assume that the force equation (57—2.2) applies to an element of the 
electron’s charge, and we shall take into account both the field and 
its gradient, but shall omit derivatives of higher order. 

If Ex and Hi are the external fields at the center of the electron, 
the fields at a point on the surface whose position vector is a (Fig. 52) 
are Ei + a*VEi and Hi + a-VHi respectively. Hence the force 
d£fi 1 on an element of the surface is 


— (Ei+a- VE i)(^<?i-|-^ 2)H — (coXa) X (Hi+a- VHi)^i, 8 — 1 3) 

c 

since V = <0 X a for the rotating charge, and the torque about the 
center of the electron is 

dSZ — a X 1 = a X (Ei -|- a*VEi)(^/<?i -f- de<2) 

4 — (a • Hi + a-VHi*a)co X a de\. (^8—14) 
c 

It is evident at once that 

J Ei de 1 = <fEi, 

and from symmetry it is clear that 

/ a-VEi de 1 = 0, / E x de 2 = o, 

f ( ©X a) X Hi de-i — co-Hi / a de 1 — / a -Hi de 1 = o, 

*' / ei d ei J ei 

I a X Ei de 1 = o. 

From (57-5) 


\. 

( 3 Ei* . . 

dE la 

I fl - . 

. \ 

a j z 

\ dx 

cos u 

dy 

■ sin 6 cos 4 > + 

dz 

■ sin 6 sin <f> J 

+A 

^Ely 

K dx 

cos d — |- 

dE\ y 

dy 

sin 6 cos <f> + 

dEly 

dz 

sin 6 sin 0^ 

+fe( 

( dEiz 

cos d + 

dEiz 


dE\ z 

\] 

K dx 

dy 

sin 6 cos <t> + 

dz 

sin Q sin 0 ) r • 


( 5 8 - i 5 ) 
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If wc take the A axis of big. 52 in the direction of p 


d?*> 


ami 


3 

4 TTti 


Pk cos 0 sin 0 dO d<i> > 


(58-16) 


/■ 
% r | 


ft i/f 


. .1. a/-:,, as t , 

Pjh 1 1 ~ ; * E*-t — 

d.v d.v a.v 


p# • VEj. 


I he evaluation of the remaining integral in Hi 
now take the A axis of Kig. 52 in the direction of <0. 


is simplified if we 
Then 


o> X a *iu»( — jf sin 0 sin <j> + k sin 0 cos <t>) (58—17) 

ami, as a*VHj is given hv ( 5 R 15) with H t replacing Ei, we get, if we 
express «/e 4 as in 4), 


i 

t* 


o> X a ) X a VHj )#/*• 


iYi a « f . / 2 

*• I'V , 


2 difig 

3 


2 €)//_! A 

3 <l>' / 


j: 

1 ■'Vj it v / 1 K.i ,1,. )| j( . { VH, <0 - V-H l0 >i =» VHiP// 

bv : sS o 1 . since V Hj o by (57 23). 'Therefore the total external 

|i«ik' on t he electron is 



eEj 3 P/;*VEi ~E VHi-p//. 


(58-18) 


If the external field is static V X Hi -- o by (57-23) and 
iV >' X pa p// • VHj VHcp/f o. In this case (58-1H) 

assumes the symmetric form 

M x - fEi -E Pf; VE, + p/rVHn (58-19) 

1 * 

In anv event VHjp;/ P// VH1 - Ei X pit and p/j-VEi 

c 

- VE, Pk H, X Pk. which enables us to write (58—18) sym- 

f 

tnrmc.div in the lengthier form 


*y(\ rEi E J jp/,; -VEj f pu THi -EVEi-pjsf 

E VHj p// - 1 Ej X p // - 1 Hi Xpk). (58-ao) 

€ C 
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Next we shall compute the torque by integrating (58—14). As 
a X Ei = a{i(E\ z sin 6 cos cf> — E\ y sin 0 sin <£) 

+ j(E lx sin 0 sin <j> — E lz cos 0) -f k(E ly cos 0 — E lx sin 0 cos <f >) } 
we get, using (58-16) for de 2 , 

/ a X Ei de 2 = %Pe ( %jE\ z + hE\ y ) = p# X Ei. 

‘'ea 

From (58—15) 


£ 


a X (a-VEi)^i = 


/ 2 dEi z 2 dE\J 

V3 dy 3 ; 


\-i az 


2 


3 ^ 


IfN , h (± dEj y 2 ^Elx\ l 

f / + \3 ** 3 /J 


by (57- a 3) > and 


<?<z 2 <?# 2 . 

= — V X Ei Hi 

3 3^ 


/ 


a X (a-VEi)^ 2 = o. 


As regards the terms in Hi, 


-I- 


Hi<d X o.dei 


ea 2 co 


{- i/ffu + f 


from (58—9), and 


if. 


= — CD X Hi = p# X Hi 
a-VHi-ao) X a ^<?i = o. 


Therefore the total external torque on the electron is 


P e X Ei + p h X Hi Hi. 

3 C 


(58-21) 


59. The Spinning Electron in Motion. — In this article we shall 
deduce the equations of motion of a spinning electron possessing 
simple electric and magnetic moments for both translation and rota- 
tion on the dynamical assumption that both the resultant force and 
the resultant torque, obtained by applying the force equation (57-22) 
to each element of the electron’s charge, vanish relative to the inertial 
system in which the center of the electron is momentarily at rest. As 
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we have calculated in the last article the force and the torque due to 
external electric and magnetic fields, there remains only the computa- 
tion of the reaction on the electron due to its own field. In this 
investigation we shall take account of the time rate of change of both 
the electric and the magnetic moment, but we shall limit ourselves 
to those terms which are linear in and pjy and which contain only 
the moments themselves or constants as coefficients. As regards the 
mass reaction, we shall calculate only those terms which are linear in 
f, the coefficients of which are constants or functions of the two 
moments. This limitation is justified by the fact that, although the 
electric and magnetic moments of the electron may be large, their 
time rates of change are probably small. Terms in f or higher 
derivatives will be omitted entirely. Our method, however, will be 
valid for any peripheral velocities of spin less than the velocity of 
light. 

The first part of the analysis consists in calculating the electric 
and magnetic fields of the electron at the instant when its center is 
momentarily at rest in the observer’s inertial system S'. Then, by 
integrating over the surface of the electron, we find the force and the 
torque exerted on it by its own field. 

As a preliminary we must find the charge density and current 
density relative to an inertial system S of the rotating charge of a 
spinning electron at rest in inertial system S'. Let p" be the volume 
density of charge at a point on the surface of the electron relative to 
the inertial system S" in which this point is momentarily at rest. 
Then, on account of the Fitzgerald-Lorentz contraction. 



With the aid of (43-1) and (43-3) we find for the transformation of 
the components of current density and the charge density 



(59-0 
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If we neglect terms in ( 3 2 , the current and charge densities observed 
in 5 are respectively 

pV = P '(V' + v). 


- p'(i 


( 59 ~ 2 ) 


The last equation states that the rotating uniform charge density 
p' of the spinning electron relative to S' appears non-uniform relative 
to observers in S in such a way as to give the electron an additional 
electric moment in a direction at right angles to both its magnetic 
moment and its velocity. Since, then, the initial uniformly distrib- 
uted surface charge of a spinning electron whose center is at rest in S' 
becomes non-uniform as the center of the electron acquires speed, 
the angular velocity of spin must be different for different points on 
the surface. Let ai be the position vector of a point Q on the surface 
of the electron relative to the center O, and let coq be the angular 
velocity of spin of Q about O at the time o at which the center of 
the electron is momentarily at rest in S. 

Take the X axis in the direction of the vector angular velocity, 
and let a. be the angle which ai makes with this axis and y the azimuth 
of ai measured about the X axis. If is the charge per unit area on 
the surface of the electron, the equation of continuity (13-4) at time 
o is 


1 

a sin cx 


(.P.f'y) + 
dy 


dpr 

dt 


= O 


from (19—10). 

Now V y — osQa sin cx and, if <0 is the mean angular velocity at time 
o, the charge per unit area at the end of a small time t is 


e 


P * — 


47T^ 


{ 


I + 


(0 


Xa r f 


tf 2 


/ + 


1 


from (59-a), which gives, when differentiated with respect to the time, 


dp* 

dt 


e oa / r 

2 ~2 sin a (/a cos T — Jy sin y ) . 

4-ira c 


Substituting in the equation of continuity we have 


by 


03a 


— -2 sin a. (f z cos y — J y sin 7), 

V 
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which is satisfied by 



(59-3) 


If, then, de x is the uniformly distributed charge and Vi de 1 the 
current due to its rotation, in the solid angle d£l, at the end of the 
small time t after the center of the electron was at rest in 5, we have 


( 59 - 4 ) 

and 

Vi de i — |o) X ai — X a.i H- © X t -\-ft-\- • ■ • 1 d£l ( 59 ~ 5 ) 


from (59-2) and (59-3). 

Next we consider the non-uniform charge responsible for the 
electric moment pj 5 . As its velocity is evidently proportional to p# 
we need not carry the approximation so far as in the case of the 
spinning charge. Our first task is to find the current associated with 
change of electric moment by setting up and solving the equation of 
continuity. Now a change in direction of the electric moment pjg» 
without change in magnitude might be expected to be due to rotation 
of the entire non-uniform charge responsible for this moment about 
an axis perpendicular to p s and p# in the sense Pe X Pe- On the 
other hand a change in magnitude without change in direction of p# 
must be attributed to a further separation of charge. The simplest 
way, therefore, to account for both change in magnitude and change 
in direction of the electric moment of the electron is to combine a 
reunion of the charges of opposite sign constituting a diminishing 
electric moment in one direction with a separation of the charges 
contributing to an increasing electric moment in some other direction. 
Although we shall select this model, a detailed calculation shows that 
the final reaction to be computed is the same if we adopt the more 
complicated hypothesis that change in direction is due to rotation, 
and change in magnitude to separation, of charge. 

If a is the angle which the radius vector ai from the center of the 
electron to a point Q on the surface makes with pjj, the equation of 
continuity of the charge responsible for the electric moment at 
time o is 


a sin a da 


(sin a p a V a ) + dp<r 


dt 


= o 
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from (13—4) and (19—10). Now the charge per unit area at the end 
of a small time t is 

p<r = o IpE COS OL + ( pE COS Oi)t } . 

47T/2 


Therefore the equation of continuity becomes 

— (sin a a) + — ^"2 P® s * n a cos a = 
da 4-ira 

of which the solution is 

3 

PaVi a = ■— “ 2 Sin QJ. 

oTTd 


If, then, de 2 is the charge responsible for the electric moment and 
V 2 de 2 the current due to change of this moment, in the solid angle dil y 
at the end of the small time t after the center of the electron was at 
rest in S, we have 


de 2 = 


3 

4 TTCp 


{ptf-a! + p.E-ai t + • • • }d&, 


( 59 — 6 ) 


\ 2 de 2 = i ( a i X P-e) X ai + p^-aif/ + • • • }dQ,. (59— 7) 

To find the nearby field of the spinning electron with center 
momentarily at rest in S, we proceed from the retarded expressions 



( 5 °~ 9 ) an d (5 0-10 ) f° r the scalar and vector potentials, the integrals 
being evaluated over the effective electron for the time and point at 
which the field is to be determined. To find the field at P (Fig. 54) 
at a small time t later than the instant o at which the center of the 
electron is at rest in S, we must integrate over each volume element 
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occupied by the charge at the time [/]=/— \r\/c. Consequently 
the simultaneous electron at time o, represented by the solid circle 
in the figure, must be replaced by the effective electron at time [/], 
represented by the broken curve. Moreover, the argument used in 
deducing (50-9) and (50-10) from (50-7) and (50-8) shows that the 
charge associated with each surface element must be increased above 


its simultaneous value in the ratio 1 


/[■ - ~] 


, where M — ffrl 4 - 


• • • is the velocity of the center of the electron (not the velocity of 
the rotating charge) at the time [/]. Therefore the integrals to be 
evaluated are t r [*J + 

* = ^ A . ~ r ^ * <59- 8) 


eun H f 1 - ^:J ' 


A = 


1 

47 r<r 



[Vijgi] + [Vgjfg] 

M [■ - ’ 


( 59 - 9 ) 


where \de J, [Vi^i], [de 2 \, are the expressions (59-4), (59-5), 

(59— 6 )> (59-7) with W replacing t. 

If s (Fig. 54) is the vector displacement of the element of surface 
under consideration in the time [/], s = ^f[/] 2 + • • • and 


Hence 




= r - Jf M 2 + 


- ' H 2 + 

o V 


t f\‘\ 1 M 2 \ 

+ f - r ( --- +-H-) + 
\rc a r / 



( 59 - 10 ) 


We need the scalar potential <I>, the vector potential A and its 
time derivative at the field-point P at time o. To get the first, 
make [/] = — r/c in (59-h), since [r] = r in the terms containing \t\ 
to our degree of approximation, obtaining 

e fdQ. ( 1 f ■ r (o X a r fr 

* = Tb 71 ' “iT 7 + 



3 f dQ, [ 1 f • r r 

+ T&^J 7 l Pi " ai “ a p *' ai T ” PB ' ai 7 + 



198 elementary charge and force equation 


The negative gradient of this function of r is 


31tt 2 c 2 J + 3 a 2 1 r 32^ 


P?_-- a -l}— Vs f\e+3 M P]f it— + ■■■■ 

a 2 J r 1 J a 2 I r 


( 59 " 11 ) 


The vector potential (59*“ 9 ) ls 


167 r 2 c 


o> X ai 


-^oiX^ + AX aj/] + f[r] 


“ 1 ” CD 


Xaifr (S + l^) + '“I 


+ g — f — {K a i X Vb) X ai + p£?-aif[/] H }. 

i6<K 2 a 2 c J r 

To get the time derivative of A at P at time o we differentiate with 
respect to [/], since dt — d\t\, and then make [t] — rjc. Thus 


I dA 
c dt 


l6ir 2 c 2 




<i)Xai 


f f\ , pE-a! [ d€l 

~Te l f + 3 ^IT + 


-• ( 59 ~ I2 > 


The electric intensity is the sum of (59- 11 ) and ( 59 “ 12 )* 
Expressing cd in terms of pj q by means of (5 ^ 9 ) > 


E = - V 


/ ?}- 


167 r 2 a 2 


r do. 

J pB-ai — 


l6ir 2 a 2 c 


/ . d£l f !«* 

P H X ai 2-2 

r 327 r c: 


: /VV)f 


32 , 7 T 2 C 5 


, _ P»* a llx I 

7 r + • 


C 59 — T 3 ) 



THE SPINNING ELECTRON IN MOTION 


199 


Finally, making [/] = — r/c in the expression for A, we get for 
the vector potential at P at time o. 


f 

I 6 - K 2 C J 


da 

r 


f ai 

<0 X aj co X Q-i 


<x> X air fr <0 X aif 


<aif-r , } 

7? + •••/ 


. 3 /* dQ f 1 , . . pjw • ai fr* 1 

+ i6tt 2 A J V\a (aiXVE) Xai 


Therefore, since the magnetic intensity is the curl of the vector 
potential, 

H = vx {T6^/^x ai ( 1 -^)v} 

+ V X { 2 2" f ( a i X p e) X a x — | 

vyi-n a c r J 

3 C c r ^ da 

00 222 / fX (pi/ X ai) 

32.71- c r 

3 C da 

+ J r x (Pff x ai)f ' r 7^ + " ‘ • (S9-i4) 


The first two terms in (59—13) and in (59-14), for which the dif- 
ferentiation is indicated but not actually performed, are discontinuous 
at the surface of the electron. Since these terms alone would survive 
if the electron were permanently at rest with the assigned distribution 
of charge and angular velocity, they must satisfy the boundary 
conditions at the surface. Consequently the remaining terms must 
be continuous. We shall denote the sum of the discontinuous terms 
in E and H by E.© and Hd respectively, and the sum of the continuous 
terms by Ec and H c- Then, from (58-11) and (58—12,), 




<?R 1 

4 Tit 3 + 4 7T^ 6 


{2pjg-RR + (p# X R) X R} 


outside. 


JP E 
47 ra 


3 inside. 


(59- J 5) 
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We may write Hd = Hjjj + H d 2 + Hd 3 where Hd 15 representing 
the first part of the first term in (59-14), is 


Hn. = 


h * RR + (pj? X R) X R } outside. 


(59-16) 


2.7 ra' 


inside. 


as in (58—11) and (58-12), Hd 2 = V X A d 2 where 


Ad. = 


3 A da 

6.w7 f ' aiP/,Xai T 


( 59 -! 7 ) 


and Hd 8 = V X A d 8> where 


A _ = 

D ‘ 3 iw 2 a 2 


-J 


(a 2 j)E — P£?*aiai) 


(59-18) 


To evaluate the vector potentials (59—17) and (59—18) we need, 
in terms of the notation of Fig. 52, 

J* cos 2 8 dr — - / { ( 7 ? 2 + a 2 ) 2 — i(R 2 + a 2 )r 2 + r 4 }^r 


i 5 i? 


2 (5A! 2 + 2^ 2 ) outside. 


(59— J 9) 


(5^ 2 + 2i? 2 ) inside. 


Performing the integration, we get 


An, = 


and 


ao«* {(l"F 3 ) PHXf + ^ f ' Rpff XR 1 ° Utside> 


2 {(i_ 4 2 ) PfiXf+ ^ 

20 ttc 2 [ \a a 6 / a 


Vh X f H — ;f - Rpi? X R r inside. 


(59-20) 


sKs + ot)*- 


3 a 2 . 


ioi? 


5 Pd-RR r outside. 


(59-21) 


pD-RRf inside 
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Taking the curl of (59—20) and (59—21), and adding to (59—16), 
we find 

{ 2p h * RR + (p# X R) X R } + ~ra P# X R 


H 2> = 


4 .ttR 


207TC 2 R 3 

,2 


471-ci? 3 

(-5 + 3 ^ 2 ) RXfpsXf) 


+ |<X(psXR) 


(59-aa) 


- ^f-Rp* +^f-Rps-RR| outside, 


Ph __ X R 
27 ra 3 %Tra 3 c 


207 ra 3 c 2 


{ - 2R X (Pff X f ) 


+ 3 f X (pjy X R) + 6 f • Rp# } inside. 

As the remaining terms in (59—13) and (59-14) are continuous 
at the surface of the electron, we need calculate them only for a 
field-point P (Fig. 55) on the surface of the electron at a vector dis- 
tance a 2 from the origin O at the center. Orient the axes so that 



X 


a 2 — ia, and let 0 be the angle which ai makes with a 2 and <f> the 
azimuth of measured about a 2 . Then we have 


ai 


\.( . 2 d\ 

= <3 j z l 1 — 2 sin " 5 - I 


. . e d 

-f- 27 sin — cos — cos d> 
22 


. 0 0 . 

+ ih sin — cos — sin <f> f , 
2 2 J 


(59-23) 
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r = 


J . . 2 e . . e e 

a 2 — ai = ia i z sin j sin — cos — cos 0 


. . e e . 1 

— ft sin — cos — sin d> f , 
2 2 J 


r = 


M = 


ai-r = 


. 0 

*ia sin - , 

2 

. e 

4 sin — cos 
2 


MD** 


2 *2^ 
2^ sin — ■ 


Performing the integration indicated in (59—13) and 
we find for the continuous parts of E and H, 


_ 1 et 

Ec Ph X a 2 — 


47T<2 3 r 


6irac 2 


107 ra s c 2 


— fpA — f*a2p^}. 


and 


j 

He = — — 3-5 { 4^ ' a 2 p H — f • P//3-2 — P// • a 2 f } . 


2 Ott arc 


(59-24) 

(59-25) 

(59-26) 

(59-27) 

(59-H) 


(59-28) 


(59-29) 


Having found the electric and magnetic intensities at the surface 
of the electron, we are ready to calculate the force and the torque 
exerted on the electron by its own field from (57—22). The part of 
the force due to the electric field is 

= 47T S \ 6 3 } E^ft, (59“3°) 

and the part due to the magnetic field is 

= ~~p S\\ — / P a x a 2 + i( a2 Pe — p«-a 2 a 2 ) j X Ha'Q. 

(59-3 0 

So far as the force on the rotating uniformly distributed charge 
due to its own electric and magnetic fields is concerned, we must use 
the arithmetic mean of the inside and outside value of the discon- 
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tinuous parts of E and H, as shown in article 57. The same state- 
ment applies to the force on the non-uniformly distributed charge 
responsible for the electric moment due to its own electric and mag- 
netic fields. When, however, we come to consider the force exerted 
on the one charge by the field of the other, we must either assume 
that the one charge lies outside or inside the other, or that the two 
are uniformly mingled. The latter supposition will be adopted, 
although a detailed computation shows that the result is the same 
whichever hypothesis we choose. Specifically we shall assume that 
both charges are distributed uniformly in the radial direction inside 
a thin spherical shell of mean radius a. Therefore in the calculation 
of all the terms in (59-30) and (59-31) we must use the mean of the 
inside and outside values of E and H. From (59-15), (59-22), 
(59-28) and (59-29) these are 


— e 3 1 1 

E = - - a 2 + - g Pe -a2a 2 § ps 3- Ph X a 2 

ora 47 ra 47 ra c 


Sra 3 


ei 


1 


67 rac 2 10 ra 3 c 2 


{ 4Ps ■ a 2 f - f-pija 2 - f-aaPfi}, (59-32) 


H = ti? P/r ' a2a2 + PH + ~rtic p * x 32 

~ ^ 7 ? j P* ■ agf - 4f • P«a 2 + l i • a 2 p„ + ^ ^ * a 2 } ■ (59-33) 


Substituting (59-32) for E in (59-30) and integrating, we find for 
the electric part of the kinetic reaction 



1 

4 .ra s c 


pH X Pe ~ 


eH 

6rac 2 


iora 3 c 2 ^ ^ X p^} . 

( 59 - 34 ) 


The origin of the first term, which is independent of the acceleration 
of the electron as a whole, is easily revealed. If the angular velocity 
of a charged sphere rotating about a fixed diameter is increased, the 
magnetic flux through its equator is augmented with the production 
of an induced electromotive force in the sense opposite to the angular 
acceleration. The circuital electric field so produced gives rise to a 
force on an electric dipole at right angles to the magnetic moment in 
the sense of the vector p e X p h. 
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Next, if we put (59—33) in (59-31) and integrate, we find for the 
magnetic part of the kinetic reaction 

“ —~~Z_ P.zr X pJS — 3.2 {pH 2 * + 4 (P-ff X f) X pH } . ( 59 “ 35 ) 

C 1 07T Cl C 


The first term in this expression is due in part to the force exerted 
by the magnetic field of the changing electric moment on the rotating 
charge and in part to the force exerted by the magnetic field of the 
rotating charge on the current responsible for the change in the electric 
moment. 

Equating the sum of the external force (58-20) and the two parts 
(59-34) and (59-35) of the kinetic reaction of translation to zero, 
in accord with the dynamical assumption, we find for the equation of 
motion of the spinning electron, as regards translation 


eTLi + \ | pjj- VEi +* p# • VHi VE* *pj£ + VHj *p h 


id e 2 f 

T (pi? X p e) + 7 5 + 


4-Tra 3 c dt 


6irac 2 


Ei X p// Hi X pj£ 

C c 


IOTra 3 c 2 + (Pj5 X f) X p£ 'i 


+ 4 7r*V (VH X f ) X + JQ7ra :i c -2 ! + (p H X f ) X p /, } (59-36) 

relative to the inertial system in which the center of the electron is 
momentarily at rest. In addition to the mass reaction of the non- 
spinning Lorentz electron, mass reactions depending on the electric 
and magnetic moments are present, and these reactions are not, in 
general, opposite to the acceleration. Furthermore a term indepen- 
dent of the acceleration appears in the kinetic reaction. This term 
exists even in the case of an electron permanently at rest in the 
observer’s inertial system, if the vector product p// X Ve does not 
remain constant in time. 

Next we shall calculate the torque exerted on the electron by its 
own field. This torque consists of the electric part 






( 59 - 37 ) 
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and the magnetic part 


&h = -^2 ^ j^ 1 “ aa X { x a a) X H J 

+ Jtf 2 a 2 X (p£ X H) — Jp2sa 2 a 2 X (a 2 X H)J^£2 
j j* H a 2 pH X 


47 T« 


H- j ~ (H • a 2 p^ — p# • a 2 H)<i£2 

’ , / *-■-.<= • a 2 a 2 — *z 2 H)^£2. 


87T«' 


Carrying out the indicated integration. 


€ € 

3?E = — 7 P H o Ve X f. 


birac 


— O, 




(59-38) 


(59-39) 

(59-40) 


if we neglect, as hitherto, terms in f involving p^ in the coefficient. 

If we trace the origins of the terms in 2 ?e we find that — <?p u/bicac 
is the torque exerted on the uniformly distributed charge by the 
induced electromotive force due to the change in magnetic flux conse- 
quent upon change in magnetic moment, — ep E X t/iinac 2 is the 
torque on the same charge due to the electric field of the accelerated 
electric moment as specified by the last term in (59—28), and 
— ep E X f /birac 2 represents the torque on the non-uniform charge 
constituting the electric moment due to the term — ei/bicac 2 in the 
electric field of the accelerated uniformly distributed charge. The 
coefficients of these terms are the same no matter whether the one 
charge distribution lies outside, inside, or is commingled with the 
other. 

Equating the sum of the external torque (58-21) and the two 
parts (59-39) and (59—40) of the kinetic reaction of rotation to zero in 
accord with the dynamical assumption, we find for the equation of 
motion of the spinning electron as regards rotation 

ea 2 . e e , 

Pe X Ei + pi? X Hi Hi = 7 p h H ~~2 Ve X (59“4 J ) 

ic birac 4 icac 
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It follows from this equation that the angular momentum of a spinning 
electron permanently at rest in the observer’s inertial system is 

= 6 wac VB - 

6o. Equation of Motion of the Sp inning Electron. — Since modern 
spectroscopic theories require an extra-nuclear electron in an atom to 
have an angular momentum h/^Tr, where h is Planck’s constant 
6.55C 10 ) 27 erg see, it follows from (59-42) that the magnetic moment 
of an atomic electron is 
^ahe 

pH = — (60—1) 

If, now, the magnetic moment is due to rotation of charge of a single 
sign, it follows from (58—9) that the ratio of the equatorial linear 
velocity of spin to the velocity of light is 



where e s is the elementary charge in electrostatic units. As velocities 
greater than that of light are inadmissible, we are forced to conclude 
that the magnetic moment is due to charges of opposite sign rotating 
in opposite senses about a common axis. In fact we may consider the 
electron with simple electric and magnetic moments, which we have 
been discussing, to consist of a non-rotating uniformly distributed 
charge e , two equal and opposite non-rotating charges responsible for 
the electric moment, and two equal and opposite uniformly dis- 
tributed charges giving rise to a magnetic moment by their rotation 
in opposite senses about a common axis. Obviously the equations of 
motion for translation and rotation obtained in the last article are in 
no way altered by this modification in our concept of the nature of 
the electron. 

Since the experimental evidence indicates clearly the presence 
of a magnetic moment but is less certain regarding the existence of an 
electric moment, let us consider first an electron which has a resultant 
charge e and a magnetic moment p#, but no electric moment. If we 
denote the impressed force by and the impressed torque by 
the equations of motion (59—36) and (59-41) become 
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^ = et? f + si? { 9? " 2f ~ To*-***), ( 6 °-*) 





(60-3) 


The magnetic mass reaction specified by the second term in (60—2) 
vanishes for no relative orientation of the vectors f and pjy, and has a 
magnitude lying between the limits 


PH 2 / 
107 ra 3 c 2 


and 


9PH 2 / 
207 ra 3 c 2 


Taking the smaller of these, in order to be conservative, the ratio of 
the magnetic mass reaction rriH to the electric mass reaction m % 
specified by the first term in (60—2) is 


m H 3 pH 2 __ 27 ( h £\ 2 

ms 5 e 2 a 2 20 \e 2 J 


6400, 


showing that the electric mass reaction is quite negligible compared 
with the magnetic mass reaction. Ignoring the former, the known 
mass 9.0(10) ~ 28 gm of the electron would require a radius 


9 h 2 9 A 2 

^oirme 2 1607 x 2 me 2 


1.2(10) 9 cm, 


which is one-tenth the kinetic theory radius of the entire atom. Not 
only does the presence of the magnetic mass reaction demand an 
electronic radius quite inconsistent with experimental indications, but 
(60-2) specifies a mass four and one-half times as large when the 
magnetic moment is perpendicular to the acceleration as when par- 
allel, a phenomenon for which there is no experimental evidence. 

Even more convincing evidence against the existence of the mag- 
netic mass reaction is provided by the measurements of the gyro- 
magnetic effect made by Barnett. 1 His experiments yield the ratio 
H of the angular momentum to the magnetic moment of the gyro- 
scopic entities responsible for the magnetic properties of matter. In 
accord with the definition of magnetic moment given in article 58 the 
magnetic moment due to the orbital motion of an electron around the 


X S. J. Barnett, Rev. of Mod. Physics, 7, p. 129 (1935). 
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nucleus of an atom is (e/ic^r X V, and the angular momentum is 
mx X V, giving for the gyromagnetic ratio due to orbital motion 


imc 


fX = 


(60-4) 


whereas (59—42) gives for the gyromagnetic ratio due to spin 


(mac 


1 + 


(60-5) 


where m = 7 ?ie 4 - mu is the total mass of the electron. Barnett and 
others have found for every one of a considerable series of ferromag- 
netic elements and alloys a value of \xe/mc a few per cent larger than 
unity, suggesting very strongly that the magnetic properties of the 
substances investigated are due almost entirely to spinning electrons 
with mass m = m E . 

The evidence that an electron in the atom has a large angular 
momentum and at the same time the mass reaction of a non-rotating 
Lorentz electron leads us to investigate the possibility of eliminating 
the extra mass reaction by attributing to the electron an electric 
moment as well as a magnetic moment, a hypothesis made also in 
Dirac's quantum theory of the electron. Then we must replace the 
equations of motion (60—2) and (60-3) by (59—36) and (59—41). Fur- 
thermore we might justify theoretically our belief that the equation 
of motion of translation of the spinning electron is the same as that 
of the non-rotating Lorentz electron by applying the dynamical 
assumption, that the resultant force and resultant torque vanish 
relative to the inertial system in which the electron is momentarily at 
rest, separately (a) to the non-rotating uniformly distributed charge 
e y and (b) to the two moments pj e and p# . Then each of the equations 
(59—36) and (59-41) splits into two, giving 


eVi = 7 2 

orrac 


(60-6) 


\ ' pig- VEi-J-pi? • VH1+VE1 -pjsH-VHi -p# EiX p// HiXp# 

l cc 


1 d 


3 Jj. (P & N Ve) “1“ 3 2 

*c at lOira c 


47 vcrc dt 


Afirarc 


(pi? X f ) Xpn+ 


ioira z c 2 


{?s 2 f + (p* X f) xpj} 

{ pH 2 f + (ph X f ) X p h\ , (60-7) 
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for translation, and 


ea . e . e 

Hi = pH H 2 P# X f 3 

Girac 


(60— 8) 


p H X Hi = o, (60-9) 

for rotation. 

These equations form an interesting basis for speculation, but do 
not seem to shed any light on the puzzling phenomena of the quantum 
theory. Therefore we shall dismiss them without further investi- 
gation. 

A radically different method of eliminating the magnetic mass 
of the spinning electron which does not require the introduction of an 
electric moment consists in assuming that the force on an element of 
charge of the spinning electron, relative to the inertial system in which 
its center is momentarily at rest, is given by TS,de instead of by 
{E + ( 1 / £■) V X H \de. Then (59—36) and (59—41) reduce to 


*?Ei — 


6irac 2 


f. 


ear - e . 

PH ’ 


(60—l0) 
(60-1 l) 


the second of which requires that p h be a linear function of H and 
therefore not constant in magnitude in a varying magnetic field. 
Equation (57—12), however, remains valid for an electron in motion 
relative to the observer’s inertial system. This proposal, however, 
involves such a radical modification of such fundamental concepts of 
electromagnetic theory as electromagnetic energy, Poynting flux, 
etc., that it will not be considered further. 

In the subsequent development of electromagnetic theory we shall 
employ the equations of motion (57—10) and (57—12) of the non- 
rotating Loren tz electron, without committing ourselves to any spe- 
cific device for eliminating the magnetic mass due to spin. Never- 
theless we must recognize the possibility of additional equations, such 
as (60—7), which may impose a limitation on the types of motion 
electromagnetically possible. 

61. Generalization of the Force Equation. — In article 53 we saw 
how the field equations could be generalized so as to take account of 
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the existence of magnetic as well as electric charges. Now we shall 
effect a corresponding generalization of the force equation (57—22), 
using the notation of article 53. 

We define the force on an element of magnetic charge den by 
H den relative to the inertial system in which the charge is momen- 
tarily at rest, where H is the resultant magnetic intensity. Next we 
make the dynamical assumption that, relative to the inertial system 
in which it is momentarily at rest, the resultant force on a magnetic 
electron always vanishes. This gives an equation of motion analo- 
gous to (57-10) for the electric electron, E x being replaced by the 
resultant external magnetic field Hi. To obtain the equation of 
motion of a magnetic electron relative to an inertial system with 
respect to which it has a velocity Vn we proceed exactly as in article 
57, using the transformation (53—2). This leads to the force equation 

&11 = Ph |h — — V// X bJ (61-1) 

for the force per unit volume on the magnetic charge, which differs 
only in the sign of the second term from the force equation 

&e ~ Pe I® H — ^ h| (61 —2) 

specified by (57—22) for the force per unit volume on the electric 
charge. 

Adding (61— 1) and (61—2) we have for the total force per unit 
volume 

& = Pe {e 4 - — V E X H j + p H |h — - Vjj X E j • (61-3) 

It is often stated that no magnetic charges exist in nature, and 
that therefore the terms in p E in this equation are without physical 
significance. On the contrary, we shall show now that, if every ele- 
mentary charged particle contains electric and magnetic charges in 
the same ratio a, no electromagnetic experiment can reveal the value 
of a. Under these circumstances p H = ap E , where a is a constant, 
and Vjj? = V# — V. Therefore the field equations (53—9) and the 
force equation (61-3) become 
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V-E = pm, («) V -H = ape, (b) 

VXE=--(fi + ap E V), (c) V X H = - (E + p s V), (d) 

C C 

= p E (E 4" osH) H — p£ tV X (H — oE). (e) 

c 

If we put 




the fundamental equations (61-4) may be written 
V-A = p, (a) V-B = o, 

V X A = — - B, (c) V X B = - (A + pV), 

C C 

A + -VXB , 

1 C J 



which are identical in form with the equations (^ 7 ^ 2 ) obtained on 
the assumption that only electric charge exists in nature. There is no 
experimental evidence, therefore, to justify the common assertion 
that only electric charges and no magnetic charges are present in the 
world of experience. If the reverse were true, or if electric and 
magnetic charges occurred combined in any fixed ratio, all electro- 
magnetic phenomena would take place in exactly the same way. 
No electromagnetic experiment could reveal the proportions in which 
the two types of charge might exist. 
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MATERIAL MEDIA 

62. Electromagnetic Equations in Material Media. — By the 

electric and magnetic intensities in a material medium we shall under- 
stand the mean values of E and H, respectively, averaged over a 
volume A r large enough to contain a great many atoms. These 
definitions ignore the fluctuations in field strength which may occur 
as we pass from atom to atom, or from electron to proton, and specify 
the quantities which we are actually able to measure experimentally. 
Similarly when we speak of the charge density or of the current den- 
sity in a medium we shall refer to the mean values of p or of pV 
averaged over a volume containing a large number of atoms. 

Charges and currents in a medium may conveniently be grouped 
into three classes. First, we have charged particles which are free 
to move through the medium under the influence of an impressed 
field, except in so far as they are hindered by collisions with other 
charged or uncharged particles. These charges we shall call free 
charges and indicate by letters without subscripts. In a metallic con- 
ductor they consist of electrons; in an electrolyte they are positively 
or negatively charged atoms or groups of atoms known as ions; in 
an ionized gas they may be in part electrons and in part molecular 
ions. Free charges accumulated on the surface of a metallic con- 
ductor or deposited on the surface of an insulator may be surrounded 
by a dielectric medium, or the current produced by the motion of 
free charges in a metallic circuit may be immersed in a permeable 
medium. In the first case the electric field, and in the second the 
magnetic field, to which the free charges give rise, polarizes the sur- 
rounding medium. The nature of this polarization is an important 
part of our subsequent investigation. 

Second, we have charges which are bound to the atom. These 
may consist of pairs of equal and opposite charges a fixed distance 
apart constituting permanent electric dipoles , or of pairs of equal and 
opposite charges whose electrical centers coincide in the absence of 
an impressed field but which are slightly separated against an elastic 

2x2 
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force of restitution by an applied electric field so as to form induced 
electric dipoles . A dipole whose moment changes with the impressed 
field but does not vanish when the field is removed, may be con- 
sidered as a combination of a permanent and an induced dipole. The 
charge in the body or on the surface of a medium due to the orienta- 
tion of permanent dipoles or to the production of induced dipoles by 
an impressed field is called a polarization charge and will be distin- 
guished by the subscript P. Dielectrics owe their characteristic 
properties to the presence of such electric dipoles in the medium. 

Third, there exist in the atoms or molecules of a medium currents 
flowing around closed paths. These Ampkrian currents may be due 
in part to the orbital motion of electrons revolving about the nucleus 
of an atom, but they probably have their chief origin in electron spin. 
We shall distinguish Amperian currents, which are responsible for 
the magnetic properties of material media, by the subscript I. If 
the vector sum of the magnetic moments of a group of rigidly con- 
nected Amperian currents in an ultimate particle of the medium does 
not vanish, the medium is paramagnetic or jerromagnetic. Only in 
this case is a torque exerted on the particle by an impressed mag- 
netic field, but, no matter whether the resultant magnetic moment 
vanishes or not, a changing magnetic field gives rise to an induced 
electromotive force which tends to weaken the magnetic moments 
parallel to H and to strengthen those opposite to H. This last effect 
is known as diamagnetism. 

Finally, since electric charge is conserved, the equation of con- 
tinuity 

V • pV -f- ~~ = o (62-1) 

ot 

must be satisfied for each type of charge in a material medium. 

First we shall calculate the charge and current density in a medium 
at rest in the observer’s inertial system due to the electric dipoles 
which it contains. As the normal state of the medium we take that 
in which the permanent dipoles are oriented at random and the 
induced dipoles have zero moments. Evidently the mean charge 
density is everywhere zero in this state. If the permanent dipoles 
are turned from their random orientations or induced dipoles are 
formed by an applied electric field, the medium is said to be polarized , 
the polarization P being defined as the vector sum of the electric 
moments of all the dipoles in a small volume, divided by the volume. 
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Let qi and — qi be two point charges constituting an electric 
dipole, rii being the position vector of qi and r 2 % that of —qi when 
the medium is in its normal or unpolarized state. If the dipole is a 
permanent one, r 2 * 5^ Ik, whereas if it is an induced dipole, r 2 i = ii*. 
The electric moment of the dipole is then 


PE — — r 2 i) 


and, when the medium is polarized, the change in the electric moment 
is 

App = qi{ Arn — Ar 2 {) . 

If there are rii dipoles per unit volume of this type, the total electric 
moment per unit volume when the medium is polarized is 

P = llniqiiAT-Li — Ar 2 0, 

% 

since the mean electric moment per unit volume is zero when the 
medium is in its normal state. 

Now we are ready to calculate the charge passing through a fixed 
element of area da from the negative to the positive side when the 
medium is polarized. Since rii charges qi per unit volume are dis- 
placed a distance Ar xi and rii charges — qi a distance Ar 2 i, this 
charge is 

Swi^Arii-^cr — '£iniqiAr 2 i'dcr = P ^<r. 

i i 


Therefore, if p P denotes the polarization charge per unit volume, the 
net charge in a fixed volume r enclosed in a surface <r, due to the 
polarization of the medium, is 




P -do- =- 



V-P d? 


by Gauss’ theorem, or 


pp — — V * P. 


(62-2) 


It follows at once from (62-1) and (62—2) that the current density 
due to polarization of the medium is 

(pV)p = P. (62 -3) 

Often it is convenient to express the polarization charge on the 
transition layer between two dielectrics (1) and (2) separately from 
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the charge in the interior. To do this, enclose an area A <j of the 
transition layer (Fig. 56) between the two dielectrics in a pill-box 
shaped surface with bases parallel to this layer. If p aP is the polar- 
ization charge per unit area of the transition layer, no free charge 
being present, and ni is a unit vector normal to 
the layer directed from medium (1) toward medium 
(2), we have for the net charge in the pill-box, 

PepAa = — / P • d<r 

— Px-niAcr — P 2 -niA£T, 

where the surface integral is taken over the bases of the pill-box, 
the integral over the short curved portion of the surface being ignored 
as negligible. Therefore 

P<rp = (Pi — P 2 )-ni. (62—4) 

If the region (2) is empty space, P 2 = o and the polarization 
charge on the free surface of dielectric (1) is 



P«p — Fi • I 1 ! 


(62-5) 


per unit area. 

Next we shall calculate the current density and the charge due to 
the Amperian currents in the medium. If i 0 is the current and s the 
vector area of an Amperian circuit, its magnetic moment p/j is equal 
to Iqs/c in accord with the definition given in article 58. Now con- 
sider a bounded surface <r lying partly or wholly in the medium. 
The current ij through cr, from the negative to the positive side of the 
surface, due to the Amperian circuits which it cuts, is contributed 
entirely by those circuits which are threaded by the periphery X of 

c, for these are the only Amperian circuits 
which do not intersect <r an even number 
of times and therefore make equal positive 
and negative contributions to the current 
through the surface. 

Let d\ (Fig. 57) be a vector element of 
the periphery of <7, and let us direct our 
attention to those Amperian currents alone 
whose parallel vector areas make an angle 0 with d\. Through the ori- 
gin and terminus of d\ pass planes of area 5 large compared with s at 
right angles to s, forming the prism BCEF of volume Sd\ cos 8 . If 



Fig. 57. 
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there are dn Amp^rian circuits of the type considered per unit 
volume, there are Sd\ cos 6 dn in the prism under consideration, and 
the proportion of these threaded by d\ is s/S. Therefore sd\ cos 6 dn 
is the total number threaded, and, as each makes the contribution z 0 
to the current through <r, 

d 2 ii — iosd\ cos B dn — c$H-d\ dn. 

But p H.dn is the contribution dl to the magnetic moment I per unit 
volume made by the circuits under consideration. Hence 

d 2 ij = cdl-d\, 

and summing up over all orientations 

dii ~ cl-Jk. 


Finally, integrating around the periphery of <r, we find for the total 
current through the surface due to the Amp&rian circuits which are 
cut. 


ii 



I • d\. 


The vector I is known as the intensity of magnetization and is the mag- 
netic analog of the polarization P. 

If, then, (pV)j is the current density in the medium due to the 
Amp&rian currents. 



c 



Id\ 



V X l-dcr 


for any surface <r, and consequently 

(pV)j = cV X I. (62-6) 

As the divergence of the curl is identically zero and the medium is 
supposed to be initially uncharged, it follows from (62—1) that 


Pi = o. (62-7) 

We conclude that magnetization gives rise to no charges in the 
medium. 

Combining these equations with (62-2) and (62-3) we have for 
the total charge density in a medium containing free charges, bound 
charges and Amperian currents 

P + Pp + Pi = p — V-P, 


(62-8) 
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and for the total current density 

pV + (pV) P + (pV)j » pV + P + fV X I. (62-9) 

The mean magnetic intensity in a material medium is generally 
called the magnetic induction and designated by the letter B. If, in 
accord with this convention, we replace H by B in the field equations 
(51-8), and substitute the expressions just found for the charge and 
current densities, we have, on collecting like terms, 

V ■ (E H~ P) = p, ( a ) V • B = o, (J?) 

V X E = — - B, (c) V X (B - X) = - (E + P + pV). (d) 
c c 

The form of these equations suggests the desirability of defining 
two new vector functions D and F by the relations 

D 33 E + P, (62-10) 

F sa B — I. (62-1 1) 

These are known as the electric displacement and the magnetic force 
respectively. Writing the field equations in terms of them, and 
appending the force equation for the free charge alone, we have alto- 
gether the electromagnetic equations 

V-D = p, (a) V B = o, 

V X E - B, 0 ) V X F = - (i> + pV), 

c C 

&= p |e + X Bj, 

for free charges in a material medium which is at rest in the observer’s 
inertial system. These equations reduce to (57-23) for charges in 
empty space, for there X) = E and B = F = H. 

As usual the electric field E and the magnetic field B are expressible 
as derivatives of potentials in the forms 


(*) 

id) 

(*) 


(62-12) 


E « — V 3 > — - A, 

c 

B = V X A, 


(62-13) 


where & is the sum of the scalar potential of the free charges of density 
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p and the scalar potential of the polarization charges of density 
Pp =— V-P (there is no contribution from the magnetization since 
Pi = o by (62-7)), and A is the sum of the vector potential of the free 
currents of density pV, the vector potential of the polarization currents 
of density P, and the vector potential of the magnetization currents 
of density cV X I. 

We obtain an elegant physical interpretation of the vector function 
F by considering alone the field due to the Amperian currents in the 
medium. Distinguishing this field by the subscript H , the field equa- 
tions (a), (b), {c) y (d) of (62-12) become 

V • Ej? = o, (a) V • B h — o, ( b ) 

V X E# B h, (c) V X Fff = - E;/. ( d) 

c c 

Making use of the defining relation F# = B# — I, these may be 
written 

V • E# = o, ( a ) V • F u = — V - I, (Z») 

V x Eff = - - (Fh + i), (c) V X Fu = -E a . (d) 

c c 

Comparing with (53-6), we observe that these are exactly the field 
equations of a distribution of magnetic charge of charge density 
— V I per unit volume and current density 1 per unit cross-section. 
But comparison with (62-2) and (62-3) reveals the fact that — V*I 
and I are just the magnetic charge density and magnetic current 
density that would exist if the medium were composed of actual 
magnetic dipoles instead of Amperian currents, each dipole having a 
magnetic moment equal to that of the Amperian current which it 
replaces. Hence F# is the magnetic field that would be produced by 
substituting for each Amperian current a magnetic dipole of equal 
moment. We can therefore write 


(62-14) 


F H = — V <£// A Hi 

c 

E h = — V X A//, 


(62-15) 


in accord with (53-4) and (53-5), where is the scalar potential of 
the magnetic charge density —V • I, and A H the vector potential of the 
magnetic current density i. If free and polarization charges and cur- 
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rents are present as well as Amp^rian currents, the resultant E is the 
vector sum of the electric intensity due to these charges and the field 
E#, and the resultant F is the vector sum of the magnetic force due to 
these currents and the field F jj- 

The boundary conditions at the surface of discontinuity between 
two material media, or between a material medium and empty space, 
are obtained from equations (62—12) in precisely the same manner as 
those at a charged surface in empty space were obtained from (51—8) 
or (51-9). We need only write down the results, using the notation 
of Fig. 47. Corresponding to (52-1) we have 


D2 * n i ~ Dj-iii + p a , 

B 2 Hi — B^nij 

and corresponding to (52— 2) 

E 2 *ti = Ex *ti, 

F 2 -tx = Fx -ti + - pa V X Hx-tx, 


(62-16) 


(62-17) 


where pa is the free charge per unit area on the surface of discontinuity 
and V the velocity with which it is moving. 

As before the scalar potential <£> and the vector potential A of 
equations (62—13) are continuous at the interface, and also the poten- 
tials <!>// and A// in terms of which we can express the portion of the 
total field due to the magnetization of the medium. For the latter 
field alone the boundary conditions may be put in the form 


and 


E//2** 1 ! = Ei/x-ni, 

F//2 • nx = Fy/x -ni + (lx — I 2 )-n.x, 

E * 2 -tx = E//x • tx, 

- 

F*/2-ti = F//x*tx, 


(62—18) 


(62-19) 


the effective magnetic charge per unit area of the surface separating 
the two media being (lx — I 2 )-nx, an expression analogous to (62—4) 
for a polarized dielectric. 

As they stand, equations (62-12) do not suffice to describe the 
field in a material medium in terms of an assigned distribution of free 
charge density p and free current density pV, for they fail to specify 
the relation between D and E on the one hand, and that between 
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B and F on the other. The establishment cf such relations, which 
requires more detailed assumptions regarding the physical properties 
of material media, will occupy our attention in the next few articles. 
The reader must be warned, however, not to place too much credence 
in the numerical part of the coefficients calculated on the over-simpli- 
fied hypotheses we shall make, for we know far too little about the 
structure of matter to make more than crude approximations to these 
coefficients. Some improvement in such calculations may be effected 
by using quantum mechanics, but that is outside the scope of this 
book. 

Problem 62a. Show that D in a dielectric is the electric field that would 
exist if each electric dipole were replaced by a closed magnetic current of elec- 
tric moment equal to that of the dipole. 

Problem 62b. Show that the surface current flowing in the transition 
layer between two magnetic media is c(Ii — I2) X ni per unit breadth of the 
layer, where ni is a unit vector normal to the surface of separation, as in 
Fig. 56. Apply to a uniformly magnetized cylinder. 


63. Dielectrics. — In this article we shall deduce constitutive rela- 
tions between D and E for a dielectric. The initial step is the deter- 
mination of the field responsible for the polarization of the medium. 

By definition the electric intensity 
E in a dielectric is the mean field 
averaged over a volume At large 
enough to contain a great many 
atoms. This field may be analyzed 
into two parts: the mean field E2 
due to the electric dipoles actually 
lying in the region At and the field 
Ei due to the dipoles and other 
charges outside this region. We shall 
calculate E 2 , taking At as a sphere 
of radius b (Fig. 58), since the sphere represents the average shape 
of a large number of small volumes chosen at random. First con- 
sider the mean field E 2g due to the single point charge q situated at a 
distance R from the center O of the sphere. Retaining only the 
zero order term in (56—9), we have 




— f - 3 — 

At^/ At 4'7rr 3 



T2 

cos 6 sin 6 dr dQ , 
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where 6 is the angle between r and the common direction of R and 
the X axis. The upper limit r 2 of r is 

r 2 = — R cos 6 + VW cos 2 6 b 2 — R 2 . 

Hence 




3Ar 


4r R - 

3Ar 


(63-1) 


If, now, there are present inside the sphere two charges q and — q 
at vector distances Ri and R 2 respectively from O, the mean field 
E 23 > due to the dipole of moment = q ( Ri — R 2 ) is 


K 2 p =-—Ve, 

independent of the location of the dipole. 

In the actual dielectric there are a large number of dipoles inside 
Ar, the polarization P being the vector sum of their electric moments 
divided by Ar. Hence 

I ^ T 

E 2 - ± — - = - - P. (63-2) 

3 Ar 3 

Therefore the field responsible for the polarization of the medium 
in the region Ar is 

Ei — E — E 2 = E + JP. (63—3) 

On the other hand, if we have a uniform distribution of unbound 
charges of either one or both signs, as in the case of the free electrons 
in a metallic conductor, it follows from (63—1) that E 2 = o and there- 
fore that the field responsible for the conductivity of a metal is the 
mean electric intensity E itself. The difference in the results obtained 
in the two cases lies in the fact that we are considering the dipole as 
the ultimate entity in the first case and the charged particle in the 
second. 

We would expect the polarization in Ar to be a linear vector 
function of Ei, a supposition which is well confirmed by experiment. 
Hence we may write for either an anisotropic or an isotropic dielectric 

P = ci-Et, (63-4) 

where a is the dyadic 

a. = oinii 4- oii2tJ + 

4“ a 2 lji + Oi 22 jj + Oi 23 jk 
+ «3i ki + 0:32 fe/ 4~ <233 
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The work done by the field Ei in increasing the polarization from 
P to P + <s?P is 

dW = Ei-^P = Ei-a-^Ei. 


We shall consider only perfect dielectrics in which no dissipation of 
energy occurs. Then, d^t/d must be an exact differential and a# — otji. 
As a is symmetric in this case, it can be put in the normal form 

a == a x ii + a y jj a z kk (63-5) 

by a proper orientation of the axes. The directions so specified are 
the principal electrical axes of the dielectric. If the dielectric is 
isotropic, a x = ot y = a z = a. and (63-4) assumes the simpler form 

P = olE^ (63-6) 


Eliminating Ei between (63-3) and (63—4) or (63-6) we get 


where 



€ • E 
<=E 


for anisotropic dielectrics, 
for isotropic dielectrics. 


OL, 


€ = 


I — 




a + 


Oi 


V 


I — 




* • t 

jj + 


Oi, 


V 


I — 


3 a z 


kk. 


a 


e = 


I - -§<* 


(63-7) 


(63-8) 


The three elements of € are known as the principal electric susceptibil- 
ities of an anisotropic dielectric, and e as the electric susceptibility of 
an isotropic dielectric. Finally, as D = E + P, 


D = 


where 


K*E for anisotropic dielectrics, 
kE for isotropic dielectrics. 


K = K X U -|- Kyjj -j- K z kk 


I + %Qix .. . I + 




* 3 a * 

i 4- iot 


1 3a 


3 a x .. . 

T— “ + 


I — Sa 


3 “V jj 1 + 3 a z 


y 


1 

3 «* 


kk , 


( 63 - 9 ) 


(63-I0) 


The elements k x , k v , k z of K are called the principal pc?'?nittivities or 
dielectric constants of an anisotropic dielectric, and k the permittivity 
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or dielectric constant of an isotropic dielectric. Solving (63-10) for 
a or a: we get 


~ a -|_ !hi 3 L jj l kk = - CL a ™ sotro pi c 

K x 2 K y + 2 Kg + 2 3 dielectrics, 

K ~ 1 _ for isotropic 
* + 2, 3 dielectrics. 


(63-n) 


Since a and a, rather than K and /c, describe the physical character- 
istics of a dielectric, the important quantities to be determined experi- 

,11 . K X I Ky I K% I K I 

mentally are not k x , k v > k z or k but , — , or 

«x+2, Ky 1 /C 2 + 2 K + 2 

It is important to note that no polarization charge can exist in the 
interior of a homogeneous isotropic dielectric in which no free charge 
is present. Consequently polarization charge in such a dielectric 
must reside entirely on the surface. To prove this, we have 
V-E = — V-P = p P from (62-10), (62-12#) and (62-2). But, as 
D = kE, where k is not a function of the coordinates in the interior of 
the dielectric on account of the homogeneity of the medium, (62-12#) 
gives V*E = o. Hence p P = o everywhere except on the surface. 
Of course, this conclusion does not imply that the polarization current 
P must vanish in the interior of the dielectric. 

Finally, it follows from (51-10), where p represents the total 
charge per unit volume of whatever classification, that the scalar 
potential of any static field * must be a solution of Laplace’s equation 
in the portions of a homogeneous isotropic dielectric in which no free 
charges are present. 

We shall not attempt to calculate the values of the coefficients 
<x x , «?/> <*z for a typical anisotropic dielectric, but shall confine our- 
selves here to the simpler case of an isotropic dielectric which is polar- 
ized by a static or slowly changing electric field. We shall treat, 
first, a dielectric composed of permanent dipoles of moments pE = po 
(a constant), second, a dielectric the dipoles of which are induced by 
the impressed field, and third, a dielectric containing both permanent 
and induced dipoles. 

The torque exerted on a permanent dipole by the field Ei in which 
it lies is p 0 X Ei by (58-21). Hence, if d is the angle which the elec- 


* The statement that the potential of the electrostatic field of charges immersed 
in a homogeneous isotropic dielectric is that of empty space divided by k, which 
appears in many texts, is not of general validity, as is shown by the example on p. 2 ,93. 
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trie moment p 0 makes with E x , the energy of the dipole due to its 
orientation in the field is 

U = / PqE\ sin 0 dd = — poEi cos 0, 

if we take the energy when p 0 is at right angles to E x as zero. Now 
the tendency of a field Ei to orient the permanent dipoles in a gaseous 
dielectric is opposed only by the disorganizing effect of thermal agita- 
tion, and even in many solids thermal agitation seems to be the chief 
opposing influence. We shall neglect other possible restraints, and 
make use of the expression 

dn = Ae~ u/kT sin 0 dd = Ae voEl cos e/kT sin 0 dd 


given by statistical mechanics 1 for the number of dipoles per unit 
volume which make angles between Q and 6 + dd with E x when the 
medium is in thermal equilibrium at the absolute thermodynamic 
temperature T, where k = i .37( io )“ 16 erg/i° C is Boltzmann’s con- 
stant. The total number n of dipoles per unit volume is obtained by 
integrating this expression with respect to 0 between the limits o andir. 

If we put x = poEi/kT and ii = cos 0, the polarization of the 
dielectric is 


/ . po cos 0 dn = ApQ I e x 

i 

ApQ e XfX fx djj,. 


cos 6 


cos 0 sin 0 dd 


But 


Therefore 


n 


/ 7T 


At e*™ 9 sin Bde 


= aJ~ e w dy. 


P = np 0 


/: 


e*»y dy 


s: 


np o 


e x “dy 


d 

dx 




e^dfi 


= np Q 


cosh x i 
sinh x x 


(63-12) 


1 L. Page, Theoretical Physics , Chap. VIII. 
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Since the ratio cosh .v/sinh x approaches unity as x increases without 
limit, the polarization of a dielectric should approach the saturation 
value npo for very large fields. However the fields available in the 
laboratory are too weak to saturate ordinary dielectrics and, in fact, 
the largest values of x = p^Ei/kT attainable at ordinary tempera- 
tures are very small compared with unity. Therefore we can gener- 
ally use the approximate expression 


I npo 2 

3 kT 





to which (63—12) reduces for small x. Using the value of a defined by 
this relation, (63—11) becomes 


k — i i npo 2 
k -f- 2 9 kT 


(63-14) 


In the case where the polarization of an isotropic dielectric is due 
to the presence of induced dipoles we can write 


Pi? = tEi (63-15) 

for the electric moment of an individual dipole, where r is an atomic 
or molecular constant known as the polarizability . Then, if there are 
n such dipoles per unit volume, 

P = n p E = tztEi, (63-16) 

and putting the value of a. so defined in (63—1 1), 


K — I 
K + 2 



(63-17) 


We can obtain an approximate value of r by supposing the N 
electrons in an atom to be uniformly distributed through the volume 
of a sphere of radius a. The center of this sphere coincides with the 
nucleus of the atom when no external field is present, but, under the 
influence of the field £1, it becomes displaced a distance R. < a suffi- 
cient to give rise to a force of restitution equal and opposite to that 
exerted by the external field. The force of restitution on the nega- 
tive sphere is most easily obtained by calculating the equal and 
opposite reaction on the nucleus. The latter, being due to that por- 
tion of the charge on the negative sphere lying inside the spherical 
surface of radius R> considered as located at its center, is 







R _ N 2 e 2 
R “ R 
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Hence, as the force exerted on the negative sphere by the impressed 
field is iVVEi, we find that Ei == NelSi/^KC? = p^/47r<a: 3 , or 


pjs? = 47r^z 3 Ei. 

This makes r — 47 ra 3 and (63—17) becomes 


(63-18) 


K — I 4 o 

; = — Trnar. 

K + 2 3 


(63-I9) 


It is interesting to note that the right-hand side of (63-19) is just the 
fraction of the volume of the dielectric which is actually filled by the 
atoms of which it is composed. By measuring k for a gas, the radius of 
the molecule can be computed if the number of molecules per unit 
volume is known. 

Finally, let us consider the more general case of an isotropic 
dielectric containing n atoms or molecules per unit volume, each of 
which possesses a permanent dipole of moment po and acquires an 
induced dipole under the action of an external field. Combining 
(63—14) and (63-17) we have in this case 


k — 


k + 2 




r + A ). 

3kTj 


(63-20) 


K . — 1 


As both r and po 2 are atomic or molecular constants, this equation 
states that the ratio of k — 1 to k + 2 at constant temperature is pro- 
portional to the density, a theo- 
retical prediction which has been 
verified for many gaseous dielec- 
trics. Furthermore, by varying 
the temperature at constant 
density it is possible to separate 
the portion of the dielectric 
effect due to permanent dipoles 
from that due to induced di- 
poles. If (ic — i)/(k + 2) is 
plotted against i/kT for an actual dielectric, a straight line such as 
AB (Fig. 59) is generally found. If this line is horizontal, no permanent 
dipoles are present, whereas if it passes through the origin, the 
entire effect is due to permanent dipoles. From the intercept on 
the vertical axis nr can be calculated, and from the slope npo 2 can 
be obtained. 
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64. Steady Current in a Closed Circuit. — Before deducing con- 
stitutive relations between B and F for a magnetic medium composed 
of Amp&rian currents we must derive expressions for the magnetic 
field of a closed circuit in which a steady or slowly varying current is 
flowing, and for the force or torque which such a current experiences 
when located in an external magnetic field. Whatever the cross-sec- 
tion of the current may be, we can consider it to be made up of cur- 
rent filaments each of which carries a current i which has the same 
magnitude at any one instant all the way around the closed filament. 

As the current is changing slowly if at all we can neglect all the 
terms except the first in the series (56—5) for the vector potential, a 
procedure all the more justified by the fact that the second term in the 
series makes no contribution to the magnetic intensity. If d\ is a 
vector element of the current filament, eV = id \ 3 and the vector 
potential at the field-point x 1} y i3 21 due to the current element at the 
point x 2 , jy 2 > z 2 is 


where 


dA 


idk 
47 rcr 5 


r = i(x 1 — x 2 ) + j(yi — 72) + *(21 — 22)- 


Therefore the vector potential due to the entire filament is 

A = — <f— 

47 zc J r 

and, if we define V! and V 2 as in article 2,1, 

H = V,XA = - <fvt (-) X d\ — j X 

47 rc J \r/ A.TTC J \r / 


(64-1) 


d\ 


since V 2 (i /r) = — V^i/r). By means of (18—2) we can express H as 
a surface integral over any surface <r bounded by the filament, getting. 


H 


= — /"v 2 U-V 3 (-)} - — f V 2 -V 3 (i) d<r 
471-r l \r/ J 47rc \r / 

—Vi l ^<r V 2 (-) / V 2 -V 2 (—) dcr. (64—2) 

4?r c J a \r/ 47 rc J a \r/ 


We shall consider first the case where the field-point P lies outside 
the surface v, and then the more general case where P lies either out- 
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side or in a. In the first case the integrand of the second integral 
vanishes identically, and, if dQ is the solid angle at P subtended by da. 


d<r-V2 



dv'T 


= — dQ,. 


Therefore, omitting the subscript i on the operator V, the field H 0 
outside the surface is 

H 0 = — VSJ/’o, (64-3) 

where the scalar potential yfr 0 is 

iQ 

%= (64-4) 

4-7TC 


Incidentally it may be remarked that this is just the potential in 
Heaviside-Lorentz units of a thin magnetic shell 2 of constant strength 
i/c coincident with the surface <j. 

Provided the linear dimensions of the circuit are small compared 
with the distance of the field-point P, 


- 5 ?- 


p H-r 


where pH is the magnetic moment of the circuit, and 


* 

0 4 7 rr 3 ’ 


(64-5) 


giving 


J 

H 0 — — V^o = 5 {ipH’TT + (pH X r) X r} (64-6) 

47rr 


in agreement with (58-11). 

In order to include the case where the field-point P lies in the 
surface a of (64-2) we shall replace the current filament by a current 
sheet of small width l normal to the surface c as shown in section in 
Fig. 60, the current entering the section at F and emerging at G. If 
Hi is a unit vector normal to <r, and i the total current in the sheet, 
(64—2) becomes in this case 



2 L. Page, Theoretical Physics , 2nd Edit. p. 412. 
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the volume integrals being taken through the interior of the shell of 
surface <x and thickness / bounded along its periphery by the current 
sheet. If we put dr = dl dv , where dl is measured in the direction of 
Hi, the first integral becomes 

/ niVa (7) dv = /fiO dlda= £i ^ ~fj 2 d °*> 

where and r 2 are, respectively, the distances from points on the 



bounding surfaces and cr 2 of the shell to the field-point P. 
fore, the magnetic field at any point P is given by 


H = - V* - 



There- 


( 6 4 ~ 7 ) 


where we have omitted the subscript 1 on the first V as in (64—3), and 
where 



(64-8) 


But is just the potential that would be produced by a uniform static 
magnetic charge i/lc per unit area on the surface 0-1 and — i/lc per unit 
area on the surface o- 2 , the double layer constituting a magnetic shell of 
strength (magnetic moment per unit area) i/ c and thickness L This 
shell is known as the equivalent magnetic shell for the current circuit 
under consideration. 

The field H 0 outside the shell is given by 


H 0 


(64-9) 


since the integrand of the second term in (64-7) vanishes identically, 
the expression (64—8) for SF reducing to (64—4) for any field-point 
whose distance from the shell is large compared with /. For a field- 
point inside the shell, however, the integrand of the second term in 
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(64-7) does not vanish. Instead — V 2 (i Jr) is the field intensity at 
y2> z 2 due to a static charge 4T at Xi,yi, zi and its divergence is the 
charge density at #1, jyi, Zi- Hence 



n \dr — — 47rHi, 


where ni in the right-hand member is the normal unit vector in the 
neighborhood of#i, ji, Zi. Consequently the magnetic intensity H a - 
at a point between the surfaces <r\ and cr 2 is 

i 

Hi = — + — n x . (64-10) 

LC 


Although the fact that the position of the equivalent magnetic 
shell is immaterial provided that its periphery coincides with the cir- 
cuit shows that the magnetic field of the current is everywhere con- 
tinuous, we shall prove in detail that there is no discontinuity in the 
field (64—7) as we pass across the surfaces cri and <y 2 • The portion of 
the field specified by — VSEq since it is identical with that produced 
by the equivalent magnetic charges on the surfaces <ri and <r 2> has a 
value at a point A (Fig. 60) just outside the surface cri which exceeds 
its value at a point B just inside by the number i/lc of tubes of force 
originating on a unit area of the charged surface, that is. 


(-V*) A 


(-V¥)* 4 - 7 ni. 

LC 


Consequently H A and H^, specified by (64-9) and (64-10) respec- 
tively, are equal. 

Finally we note that the line integral of H around any closed 
curve C encircling the current is 



H -d\ =- 



W-d\ 4 - - 

c 


i 


c 


9 


in accord with Ampere’s law (51-9^). 

Evidently the magnetic moment per unit volume inside the shell 
of Fig. 60 is i/lc. Therefore the magnet equivalent to a straight 
solenoid with 71 turns per unit length each of which carries a current 
i is a bar filling the interior of the solenoid which is uniformly magnet- 
ized parallel to its axis with intensity of magnetization ni/c. The 
field due to the solenoid is identical with that of the equivalent mag- 
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net at all points outside the latter; at inside points the field of the 
solenoid exceeds that of the magnet by the intensity of magnetiza- 
tion ni/c . 

Now we shall turn our attention to the calculation of the force 
and torque experienced by a rigid closed filament carrying a current i 
which is located in an external magnetic field H. From the force 
equation (57-22) we have for the force on a current element i d\ 

• 

dC/C = - Jk X H, (64-11) 

c 


and, using (18—2), the resultant force on the entire circuit is 

tjtff = £ d'X X H = ^ J VH-ir (64-12) 

since V*H vanishes everywhere by (51— 83 ). If N = / H*^<r is the 

a 

magnetic flux through the circuit, this may be written in the form 


- VTV 

c 


(64-13) 


for a pure translation in which every d<y remains constant in direc- 
tion as well as in magnitude, showing that the circuit tends to trans- 
late in such a direction as to increase the flux through it. 

The torque about an origin 0 on a current element at a vector 
distance r is 

dSS= r X <U > SC = - r X (d\ X H) (64-14) 

c 


from (64-11) and, making use of (18-3), the resultant torque on the 
entire circuit is 

3S = (<*x X H) 

/V X rH da -- f V Hr X da-. 

C 

As V -H — o and V X r vanishes identically, this becomes 


se 




r X VH-dfo* 


- /"h 

C J a 


Vr X dv. 
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Furthermore, 

H- Vr X da = j H x — H- H y — + H z — | {i(ydcr s — zdcr y ) + etc. } 

— i (. Hyda-g — Hgdcr y ) + etc. 

= H X da. 


So the torque about 0 is 



r X VH'* + - f da- XU. 


(64-15) 


The first term evidently represents the torque of the force given 
by (64—12) about the origin, and the second, since it is independent 
of r, is a turning couple. 

The rate at which work is done against the force (64—13) during 
a pure translation with velocity V in a static field is 


dUr 

dt 


— = - - V-VN — — 

c 


idN 
c dt 9 


(64-16) 


and for a pure rotation about the origin 0 with angular velocity <0 
the rate at which work is done against the torque (64-15) is 


dUR 

dt 




(0 X T'VH’ da + H co X da) 



da + H 


i da ) 


idN 
c dt * 


(64-17) 


since a> X r is the linear velocity of a point on the surface <r due to 
the rotation and cd X da is the time rate of change of the vector da. 
Hence the total energy of the rigid circuit with respect to an external 
magnetostatic field is 

U=- i -N (64-18) 


provided the current is maintained constant. 

If the circuit is so small that H is effectively constant over the 
surface bounded by it, (64--12) may be written 

= VH * ^ = VH*pjy 


(64-19) 
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in agreement with (58-18), and the turning couple specified by the 
second term in (64—15) becomes 

S? c - Oj) X H = ps X H (64-20) 

in accord with (58-21). Furthermore the energy in a magnetostatic 
field is 

V — • H = - Pjt-H (64-21) 

c 

from (64—18). 

65. Magnetic Media. — The first step in deducing constitutive 
relations between B and F for a magnetic medium consists in the 
determination of the field responsible for the magnetization of the 
medium, keeping in mind the fact that B represents the mean mag- 
netic intensity averaged over a volume At large enough to contain a 
great many atoms. As in the case of a dielectric, we separate B 
into two parts: the mean field B 2 due to the Amperian currents 
actually lying in the region At and the field Bi due to currents and 
moving charges outside this region. As in the dielectric analog, we 
take for At a sphere of radius b (Fig. 58). 

Now the part of the field due to an Amperian current represented 
by the term — VSk in (64— *7) is identical with that of the equivalent 
magnetic shell. But this shell is merely a collection of magnetic 
dipoles, the vector sum of the magnetic moments of all the equivalent 
shells in At divided by the volume of the region being the intensity 
of magnetization I in the medium. Consequently, following the same 
analysis as in the case of the dielectric, the contribution to the field 
B 2 of the term — VSE'' in (64—7) is 

(b 2 )x - - i 1. 

All that remains is to calculate the contribution to B 2 due to the 
second term in (64-7). This term vanishes everywhere outside the 
equivalent magnetic shell, giving rise to the field {if in the interior 
of the shell, as indicated in (64-10). Its volume integral over the 
interior of the shell is 
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where pH is the magnetic moment of the Amp&rian current. There- 
fore the contribution of the second term in (64—7) to B 2 is 

?p*. 

<Ba) a = I. 

At 


Adding (B 2 )i and (B 2 ) 2 > we have 

B 2 = f I. (65-1) 

Consequently the field responsible for the magnetization of the 
medium in the region At is 

Bi=B-B 2 = B- fl 

= f + i 1 (65-2) 

since F — B — I. It should be noted that Bi is given in terms of F 
and I by an expression of the same form as that expressing Ei in a 
dielectric in terms of E and P, as specified by (63—3). 

In a paramagnetic or diamagnetic medium the intensity of mag- 
netization is a linear vector function of Bi. Hence we can write 


I 


a • Bi for anisotropic media, 
a. Bi for isotropic media. 


(65-3) 


where a is a symmetric dyadic for a perfect magnetic medium and 
therefore can be put in the form (63—5) by a proper orientation of 
the axes. Eliminating Bi between (65—2) and (65—3) we get 


where 


[ c-F for anisotropic media, 
( e F for isotropic media, 


€ s= 


Oh 


I — -s-<x 


a + 


Oi 


V 


X 


I — | a; 


jj + 


a. 


y 




kk. 


a 


e = 


1 — 3 « ? 


(65-4) 


the three elements of € being the principal magnetic susceptibilities 
of an anisotropic medium, and e being the magnetic susceptibility of 
an isotropic medium. Finally, as B = F + I, 


M-F for anisotropic media, 
ju F for isotropic media. 


B = 


(65-5) 
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where 


M = fX x U 4 " Hyjj 4 " fJ-zkk 


1 4- | oi x I + fay , I + fa 2 L1 _ 

n jj -j- — fefe. 


ix = 


1 3 a x 

I 4 " f « 

I - fa 


I - fa 


y 


i ~ f « 2 


*35 


(65-6) 


The elements ix v > \x z of M are called the principal permeabilities of 
an anisotropic medium, and jx the permeability of an isotropic medium. 
As in the case of a dielectric, if we solve (65—6) for a or a we get 


— I 21 4- — jj H- — kk = — a for anisotropic 

ix x + 2 fx y 4-2 /x z + 2 3 media, 

JLt I I . • • 

= — a for isotropic 

^ 2 3 media. 


( 6 5 “ 7 > 


On account of hysteresis, the magnetic induction B in a ferro- 
magnetic medium cannot be expressed as a function of the magnet- 
izing force F alone, since the relation between these two vectors 
depends upon the past history of the specimen. 

It is important to note that we may show from (62— 14^), by pre- 
cisely the same argument used for a dielectric in article 63, that no 
effective magnetization charge of density — VT can exist in the 
interior of a homogeneous isotropic paramagnetic or diamagnetic 
medium for which the relation B = fu , F is valid. However it must 
not be inferred from this conclusion that the magnetization current I 
must vanish in such a medium. 

Consider a magnetostatic field. Such a field can be produced only 
by steady currents flowing in closed circuits or by permanent mag- 
nets, or by a combination of the two. So let us direct our attention 
to a group of closed circuits carrying steady currents and of permanent 
magnets, all immersed in a homogeneous isotropic paramagnetic or 
diamagnetic medium, and consider the field in the interior of the 
homogeneous medium. The portion of the field due to the current 
circuits is given by H 0 = — VM'o by (64—3), and, as V'H 0 — o, the 
potential satisfies Laplace’s equation V-VSI'*, = o. The magnetic 
force due to the permanent magnets and the magnetization of the 
medium is given by F u — — V<h// in accord with (62—15), where <$// 
satisfies Laplace’s equation V = o by (53 — 8) , since the field is 

static, and, as we have just shown, there is no magnetization charge 
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in the interior of the medium. Hence the resultant magnetic force 
F = H 0 + Fjy in the medium is given by 

F = -V 3 >, (65-8) 

where the scalar potential 3> = + $? H is a solution of Laplace's 

equation 

V • V = o. (65— 9) 

The function <S> is called the magnetic potential. 

An isotropic paramagnetic medium is the magnetic analog of 
an isotropic dielectric composed of permanent dipoles, if we suppose 
the Amp&rian current circuits to have magnetic moments which 
remain effectively constant in magnitude however much the magnetic 
field in which they lie may change. As the energy with respect to 
the field of an Amperian current with a permanent magnetic moment 
p 0 making an angle 0 with Bi is 


U = — PqBi cos 0 


from (64-21), we can translate (63-13) at once into the magnetic 
relation 


/ = 


1 npp 2 

3 kT 



(65-10) 


which describes the characteristics of many isotropic paramagnetic 
media with a fair degree of accuracy, since the magnetic fields avail- 
able in the laboratory are far too weak to produce saturation. This 
relation is known as Curie's law. The value of a which it defines, 
when substituted in (65—7) gives 


M — 1 _ £ npo 2 
fj> “l - 2 9 kT 


(65-11) 


To explain the diamagnetism of an isotropic medium we shall 
assume that the dimensions of an Amperian circuit, whether consist- 
ing of a ring of electrons revolving about the nucleus of an atom, or 
of the spins of individual electrons about a diameter, remain unal- 
tered when the impressed magnetic field is changed. First we shall 
consider the orbital motion of an electron in an atom. In the absence 
of an impressed magnetic field its equation of motion may be written 

mi = M (65-12) 
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relative to the observer’s inertial system, where Cfc is the force, what- 
ever its nature, to which the electron is subject. In the presence of a 
magnetic field H, supposed to be constant over the small region in 
which the orbit of the electron lies, the equation of motion is 

mt = M +-VXH. 

c 

Taking the origin at the nucleus of the atom, let us refer the motion to 
a set of axes X'Y'Z' which are rotating about this origin with con- 
stant angular velocity «. If V' is the velocity and V the acceleration 
of the electron relative to the rotating axes 3 

V = co X r + V', 

f = (o X (co X r) + 2co X V' + f ' 5 

where r is the position vector of the electron. Hence the equation of 
motion becomes 

?ni' = -f- 2 mV'X I co H Hr + 772(00 X r) X (a H Hr 

l 2 .me J [ me J 

relative to X'Y'Z'. Now, if we make 

co — H, 

ime 

we have 

mV = — m I Vl) X rl X ( — H^ 

L \imc / J \imc / 

= M 

to a sufficient degree of approximation, since the angular velocity 
( ej f imc')H is so small compared with the other angular velocities 
involved that its square may be neglected. Comparing (65—14) with 
(65—12), we observe that the equation of motion relative to rotating 
axes in the presence of the magnetic field is the same as that relative 
to fixed axes in its absence. Hence the effect of the magnetic field is 
to superpose on the normal motion of an electron a precession about 
the lines of magnetic force with angular velocity — ( e/imc)'£L . This is 
known as Larmor precession. If the magnetic moment due to the 
orbital motion of an electron is in the direction of the impressed mag- 
netic field, the effect of the field is to make the electron revolve less 
rapidly and therefore diminish its magnetic moment, whereas if the 
3 L. Page, Theoretical Physics , and Edit. pp. 101, 103. 


(6j— 1 3) 

(65-14) 
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original magnetic moment is opposite to the field, the application of 
the field causes the electron to revolve more rapidly and thereby 
increase its magnetic moment. 

In the absence of an impressed field we must suppose that each 
elementary particle of a diamagnetic medium contains a number of 
rigidly connected Amperian circuits of such moments and so oriented 
that the resultant magnetic moment of the particle is zero. Let p % be 
the normal magnetic moment, the normal current and co* the 
normal angular velocity about the nucleus, of the electrons constitut- 
ing the current in one of these Amperian circuits. Then, if p* makes 
an angle 6 with an impressed magnetic field Bi, the added magnetic 
moment A pi and the added current A i 4 - are given by 


A pi _ A U 
Pi 


e 


'imc 


B 1 


COi 


cos 0. 


As the intensity of magnetization is zero in the normal state, the dis- 
tribution in angle of the ni Amperian circuits per unit volume of the 
type under consideration must be random. Therefore the intensity of 
magnetization due to the field Bi is 


/ 


-£/ 


n u 


Api cos 0 — sin 6 dd 
2 


=-z 


enjPi 

6mccoi 


Bi. (65-15) 


As the coefficient a of B\ is very small even for the most strongly 
diamagnetic substances, such as bismuth, (65-6) gives fx = 1 -J- a. 

To discuss the diamagnetic effect due to electron spin we use 
(60—8), neglecting the second order term on the right. Then we have 

Pet — — 2.7r<3 3 H, 


and integrating, we find for the diamagnetic intensity of magnetiza- 
tion due to the field J 3 ly 

/ = — iTrna z Bij (65—16) 

where n is the number of spinning electrons per unit volume. 

66. Motion of Ions in Uniform Electric and Magnetic Fields. — 
Before investigating the theory of metallic conduction, we must 
examine the motion of free ions or electrons in uniform electric and 
magnetic fields. We shall suppose the charged particles to be so 
widely separated that they suffer no collisions with one another and 
do not modify appreciably the uniform external fields in which they 
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are situated. Then we can treat each particle as if all the others were 
absent. We shall neglect the radiation reaction of the field of an ion, 
but shall take account of the variation of mass with velocity, writing 
the equation of motion in the form (57—14). We have four cases to 
consider: (I) a uniform electric field alone, (II) a uniform magnetic 
field alone, (III) crossed uniform electric and magnetic fields with 
j E 2 < H 2 , (IV) crossed uniform electric and magnetic fields with 
E 2 > H 2 . 

(I) Uniform Electric Field E. The equation of motion is 

E. (66-1) 


If we put B = W/c this equation may be written 

d B e 

— 7 ■ ■ ■■■■ ■ = — E, (66-2) 

dt Vi — B 2 me ' 



and, if r is the position vector of the particle, the energy equation is 


1 

Vi - B 2 


e 

me 2 


E* r. 


(66-3) 


the constant of integration being made zero by a suitable location of 

the origin. 

Integrating ( 66 — a) and using (66-3) to eliminate v 1 — B 2 , 
we have 

E rB - E’r 0 Bo = Bet, (66-4) 


where ro is the position vector of the particle and Bo is the ratio of 
V to c when t = o. 

Let us orient the axes so that the Y axis is parallel to E. Splitting 
(66- 4) into its component equations. 



— yo^ox 


= O, 


1 


y ^ - y oEo v = c*t, 
dz * 

y di~ yoF ° z = °’ 


(66-5) 
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pc = j> 0 B 0 x log 

y = yo \[i 


V 


1+2 — t H 2 t 2 + B 02/ + — / 

yo yo yo 


I + B 


0 y 


, y *V , ' 2 

+ 1— *t + — t 2 , 

y o yo 


2 = y 0 B 0 * log 


V 


i + ^ ^ + + 2 + b oi , + - 

yo yo__ y 0 


(66-6) 


1 + B 0v 

where yo is related to Bq by the equation 

S. = Vi - B 0 2 — E (66-7) 

yo me v '' 

obtained from (66—3). 

To investigate the nature of the path we can make B 0y = Bo* = o 
without loss of generality. Then the trajectory lies in the XY plane, 
and its equation is ’ 


pc = y 0 B 0 log 


+ V+ 


y — yo 



y 0 

with the slope 

dy 


(66-8) 


= =b ^ y 2 — jvq 2 

dx Jo B 0 


The trajectory, illustrated in Fig. 61, 
is much like the parabola of the 
Newtonian dynamics. 

(II) Uniform Magnetic Field H. 

nr ■» • 


IS 


dt 


I V 2 me V X H * 

V 1 --X 


(66-9) 


Taking the scalar product with V and integrating, we find 

1 

V 7 Z B 2 - = Constant ’ (66-10) 
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where B = V f c as before. Hence the speed remains constant through- 
out the motion. Orienting the axes so that the Z axis is parallel to H, 
the component equations of (66—9) are 


7r* {x + ' iy) 

d 2 z 

It 2 



me 






(66-11) 


where i = *v— 1. The second tells us that the velocity in the Z direc- 
tion is constant. Putting 


a =— Vx 

the first gives on integration 


B 2 — H, 

me 


x — x 0 + i(jv — yo) = *\ 


(66-13) 


where a:o, yo> a and e are constants of integration. Therefore the pro- 
jection of the motion on a plane perpendicular to H is motion with 
constant angular velocity 12 in a circle of radius a , positive ions 
describing the path in the negative sense and negative ions in the 
positive sense. If B « 1, the angular velocity Q is effectively inde- 
pendent of the speed of the ion. 

Evidently 


a 


2 



± vl 

a 2 


(66-14) 


showing that the radius of the circular projection of the path on the 
plane perpendicular to H is proportional to the projection of the veloc- 
ity on this plane. 

Combining the motion perpendicular to H with that parallel to 
the field, we see that the paths of the ions in space are helices about 
the lines of magnetic force. 

(Ill) Crossed Electric and Magnetic Fields , E < H. Orient the 
axes so that the Y axis is parallel to E and the Z axis to H in the 
observer’s inertial system S. Then, as shown in article 47, the elec- 
tric field is zero in an inertial system S' moving in the X direction 
relative to S with velocity v = (E//[)c ) and the magnetic field in this 
inertial system is 


H' = H Vi - p 2 = V // 2 - E 2 


(66-15) 
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in the Z' direction. Relative to S', therefore, an ion describes a helical 
path whose projection on the X' Y' plane is a circle of radius given by 

, 2 _ *v 2 + *y a 

n ' 2 

traversed with angular velocity 

Q' = — Vi - B' 2 — H'. 

me 


If we take the origin O' of S' on the circumference of this circle, 
the projection of the motion on the X'Y' plane is specified by 


*■' + i y 


a 


{ 


e i( O'i'-O 



(66-16) 


in accord with (66-13), and the X and Y components of the initial 
velocity Vq of the ion are given by 

Y'ox + iY'oy — i a'Q.'e- 1 *' = a'i Y sin d + i a’Q! cos e'. (66-17) 


Transforming to S by means of (42-2), 


where 



me 


(66-18) 


(66-19) 


We see from (66-18) that the motion at right angles to H consists 
of a steady progression in the X direction with a constant velocity 
( E/H)c determined by the two fields alone and independent of the 
charge or mass of the ion, accompanied by oscillations in the X and Y 
directions. As the motion along Z' in S' takes place with constant 
velocity Vq Z i the motion along Z in S is given by the equation 


z = 



(66—20) 


In article 101 we shall obtain the exact trajectory for this type of 
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motion. Here we shall consider only two limiting cases of interest. 
(a) E <KH and therefore /3 <K i . Then 


x = c t a' { cos (kQ't — e') — cos } , 

JUL 

y = a'{s\n{kQ't — e') sin e'}, 

% = V o zt. 


(66-21) 


The projection of the ion path on the XY plane is a cycloid generated 
by a circle of radius p = cE/kQ,'H rolling along a line parallel to the 
X axis. The cycloid is prolate, common, or curtate according as a ' is 
less than, equal to, or greater than p. The generating circle lies above 
(in the sense of the Y axis) the line on which it rolls for a positive ion, 
and below for a negative ion, but in each case it rolls in the direction of 
increasing x at a rate independent of the charge or mass of the ion. 
When a' — o the prolate cycloid existing for small a' degenerates into 
a straight line parallel to the X axis, along which the ion moves with 
constant speed ( E/H)c under the action of the equal and opposite 
forces due to the electric and the magnetic fields respectively. In this 
case the ion is at rest in S'. 


(£) k& 




< 3 C 1. In this case we investigate the initial 


phases of the motion, making no restrictions on the relative magni- 
tudes of E and //, other than E < H , or on the initial velocity Vq of 
the ion, other than Vq < c. Expanding the exponential in (66—18) 
through terms in the cube of the exponent, we have, with the aid of 
(66-17), 


kx + \y = kvt + (— \Vq x H- V' Qy ) 


l u ('-!*) 




( 66 - 22 ) 


Using (43-1) to express the components of V</ in terms of those 
of Vo, and remembering that 

Vi - B„ 2 eH 


/PQ' = 


i — /3B 0 x me 



MATERIAL MEDIA 


244 

from (66—19), we find, if we solve for / — (f 3 /c)x by successive approxi- 
mations, 

8 f e E / e 2 HE 

,_£* = ( 1 _ f 3 B 0x ) /-■ Vi- B o 2 B 0b / 2 + 7^ (1 - B 0 2 )B 0x ; 3 

c L imc 6 m c 

J*E 2 1 

- (1 - B 0 2 ) (1 - 3IVV 3 + • • • } (66-23) 

Substituting this series in the expressions (66—22) for x, y, z we 
get, through terms in / 3 , 

- = Bo*/ + — VI _ B 0 2 B 0 j/ 2 - — Vi - B 0 2 B 0 xB 0 ^ 2 

£• 2 wr 17 YIC 

JZtjZ p 2 Z-T J7 

~ <* - Bo 2 )B 0 */ 3 + ^ (1 - B 0 2 )(i + Bo , 2 - 3 B »„ 2 )/ 3 

e 2 E 2 

— ^2 (1 - B 0 2 )(i - 3 B 0!/ 2 ) B 0 x/ 3 + • • -, (66-24) 

- = B 0i / - — Vi - B 0 2 B 0 x/ 2 -1- — Vi - B 0 2 (i - B 0 „ 2 )/ 2 

c imc imc 

e 2 H 2 ie 2 HE 

“ toV (I “ B ° 2)B V 3 + « - Bo 2 )B 0x B 0 ^ 

e 2 E 2 

— - 2~2 (1 — Bo 2 ) (i — B 0 j , 2 )B 0 j/ 3 + • • •, (66-25) 

imc J 

z / e 2 HE 

- = B 0a / - — Vi - Bo 2 B 02 / B 0 ,/ 2 + — ^ (1 - B 0 2 )B 0x B 0 */ 3 

c imc 6 m c 

e 2 E 2 

— ^ ~ B 0 2 )(i — 3 Boi/ 2 )Bo z / 3 + * • *. (66-26) 

If Bo*) B 0|/ , B 0z are small enough so that we can neglect their 
squares and products, these expressions reduce to 
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eH e 2 H 2 

X = V ax t + VI V 0y t* - f-T-5 Fox/ 3 
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(66-27) 


^ 02^ 3 + 


(IV) Crossed Electric and Magnetic Fields , E > H. As before, 

we orient the axes so that the Y axis is parallel to E and the Z axis 

to H in the observer’s intertial system S. Then the magnetic field 

vanishes in an inertial system S' moving in the X direction relative 

to S with velocity v — (H/E)c in accord with (47-4), and the electric 

field is / / — - 

E' = EV 1 - / 3 2 = VE 2 - H 2 (66-28) 

in the Y direction. Relative to S' the equations of motion of the 
ion are given by (66—6) with primes on the coordinates and the com- 
ponents of the initial velocity. Transforming to S by means of (42—2), 


k{x — vt ) = yo'B' 0x log 

y = yo'Pfa, 

z = yo'&oz log 


Fix, t) + Qjx, /) 
1 + Row 

P(x, t) + Q(x, /) 


1 + BJ 


where 


(I v 


(66—29) 


P(x, t) = k(t - ^ 


.2 


+ 


Jo 


1 2 


& 




Q(x, t) = Bq v + 


The components of the initial velocity relative to S' are given in 
terms of those relative to S by (43—1). In terms of E , 


—,k = Vi - B ,/ 2 

y 0 


eE 


me 


(66-30) 
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Let us discuss the same two special cases as in (III). 

(a) H E and therefore (3 < 3 C 1 . We neglect /3 in the terms on 
the right of (66—29), and put k = 1. Then 




rj x - + 2 T * "I" 72 /2 + + 7 * 

. /-o' 1 _ ' JVO V V 

C- 1 Bo, log r+BS 


^ = 


J' =^o 


1J1 + a / 4 - / 2 , 

ya y 0 






z = 


j-o'Bi, log — y ° 


i + Be 


0 y 


(66-31) 


which show that the trajectory differs from that of (I) for a uniform 
electric field alone only in the addition of the constant velocity 
( H/E)c in the X direction. As in the case where E <3C H , this drift 
along the X axis is independent of the charge or mass of the ion. 

(b) k ^2 t — — < 3 C 1. This condition restricts us to the initial 

phases of the motion, but allows us to consider any initial velocity 
less than that of light, as well as any value of the ratio H/E less than 
unity. Expanding the right-hand members of (66—29) through terms 
in the cube of t — (/ 3 /c)x and expressing the components of V 0 ' in 
terms of those of Vo by (43—1), we find, if we solve by successive 
approximations. 


t--x = 0 - £B 0 *)/ 4 - — Vi - B 0 2 B 0 ! ,(Bo* - / 3 )/ 2 
c imc 


+ (1 - Bo 2 ) {(B 0a: - ( 3 ) (1 - (SBox) 

— 3-^02/ 2 (Boaj — / 3 ) }/ 3 + * • *. (66—32) 

Substituting back, we get identically the equations (66— 24) to (66—26). 
Therefore the initial phases of the motion, through terms in the cube 
of the time, are given by the same equations for all values of the 
ratio E/H. 

67. Conducting Media. — In a metallic conductor the valence 
electrons are supposed to have become free from the atoms of the 
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metal, leaving the latter positively charged. Since the mean kinetic 
energy of translation of a particle at temperature T is % kT, the 
electrons, on account of their much smaller masses, have much larger 
velocities than the residual atom cores. Therefore we can consider 
the atom cores as approximately stationary, the electrons moving in 
the interstices between them and suffering collisions with them. On 
account of the small dimensions of the electrons as compared with the 
atom cores, we can neglect entirely the infrequent collisions of one 
electron with another. 

When an electric field E is present in a conductor, the free elec- 
trons are accelerated by the field and in consequence they acquire a 
velocity in the direction of the field in the interval of time elapsing 
between two successive collisions. This added velocity in the direc- 
tion of the field is lost, however, at the next collision with an atom 
core, with the result that a general drift in the direction of the field 
ensues with a mean velocity which is a linear vector function of E. 
While in the case of a macroscopically isotropic conductor we have 
the simple relation 

j = crE (67-1) 

between the current density j, the conductivity <r and the electric 
intensity E, in the case of a single crystal we need the more general 
tensor relation 

j-S-E, (67-2) 

where 2 is the conductivity dyadic. The crystal structure of all common 

metallic conductors requires 2 to be symmetric, although it is possible 
that it may contain a skew-symmetric part in the case of certain less 
common conducting crystals. In any event 2 can be written in the 
form 

2 = a xh^2 + GyjiJz + (6y — 3) 

by a proper orientation of axes, as shown in article 27. 

When we measure the conductivity, or its reciprocal the resistivity, 
of a conducting substance, we place the latter between two electrodes 
which are maintained at a constant, known, difference of potential. 
The electric field due to this potential difference we shall call the 
applied field, and designate it by E 0 . Of necessity the current, as 
soon as a steady state has been reached, has the direction of Eq. The 
ratio of Eo to the measured current density j is the experimentally 
determined resistivity. In the case of an isotropic conductor this 
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represents the true resistivity p = i/<r since the electric intensity E 
inside the conductor is identical with E 0 . In the case of an aniso- 
tropic conductor, however, the initial current must flow in such a 
direction as to build up charges on the surface of the conductor suffi- 
cient to produce a resultant field in the interior in the direction speci- 
fied by (67—2). Hence, in the steady state, E is not parallel to E 0 , 
although the component of E in the direction of the current is still 
equal to E 0 . Consequently the measured resistivity p m is 

E • j 


Solving (67-2) for E we get 

E — S 1 -j — (p x i 2 z‘i + p v j 2 j\ -f- Pz k 2&i)*j 
where p x = i/<r x , p y = 1 / <r Vi p z = 1/0-3. Therefore 

E -J = j*(p**2*i 4- Pvhh 4- pzk 2 ^ 1 ) j. 

Let the crystal be oriented relative to the electrodes so that the 
direction cosines of j with i u j u k x and z 2 , j 2 > k 2 are 4, m u n x and / 2 , 
m 2 , n 2 respectively. Then 

j = JWi + M1J1 4 ~ ^i^i) — 7 ( 4*2 + ^27*2 + n 2 k 2 ) 

and 

Pm = Pxh 4 + p y mim 2 + p z n±n 2 . (67-4) 

We are most interested in the case where 2 is symmetric. Then 
4 = 4 = 4 ^1 = m 2 = m^n-i = n 2 = n and 

Pm = Pa / 2 4“ Pym 2 + p£?Z 2 . ( 67 - 5 ) 

Making the current parallel to each of the principal axes of the crystal 
in turn, we measure the principal resistivities p*, p y , p z . 

If two of the principal resistivities are equal, as is often the case, 
(67—5) assumes the simpler form 

Pm — Pxl 2 4~ py{fn 2 4- n 2 ') 

= p x cos 2 a. + Py sin 2 a, (67-6) 

where a is the angle which the current makes with the unique axis of 
the crystal. 

We shall calculate both the electrical conductivity a and the 
thermal conductivity 0^ of an isotropic conductor which, to make the 
results more general, we shall assume to be in a uniform magnetic 



CONDUCTING MEDIA 


249 


field at right angles to both the electric field and the temperature 
gradient. As we are interested more in the interrelations of the various 
phenomena involved than in the numerical factors of the physical 
coefficients, we shall apply the Maxwellian law of distribution of 
velocities to the conduction electrons, even though we thereby miss 
the improvement in the numerical parts of the coefficients which can 
be obtained by the use of the newer quantum statistics developed by 
JBermi. 

Consider an electron which has just suffered a collision with an 
atom core and starts off on a free path with initial velocity V. Orient- 
ing our axes with the Y axis parallel to E and the Z axis to H, as in 
article 66, we may write for the components of the initial velocity 

V x = sin 0 cos 0, * 

V y = V sin 0 sin 0, 

V z — Ycosdy 

where 0 is the angle which V makes with the Z axis, and 0 is the 
azimuth measured from the XZ plane. If, then, we put 

= e_E = eH 

^ me ’ me 5 

equations (66-27) for the initial phases of the motion become 
x = Vt sin 0 cos 0 + \u>Vt 2 sin 0 sin 0 — t 3 sin 0 cos 0 

+ \uyct 3 — 2 Yt 3 sin 0 cos 0 + • • •, 
y = Vt sin 0 sin 0 — oVt 2 sin 0 cos 0 + J yet 2 

— \u 2 Vt 3 sin 0 sin 0— \y 2 Vt 3 sin 0 sin 0 d- — , 
z — Vt cos 0 — \y 2 Vt 3 cos 0 + • • 

through terms in / 3 . These equations provide a sufficiently good 
approximation to the motion, since the velocities of the conduction 
electrons in a metal are small compared with the velocity of light, and 
the free paths are short. 

Differentiating with respect to t we find the element ds = 
y/ dx 1 + dy 1 + dz 2 of the path as a function of /, and integrating 

s = Vt + \yct 2 sin 0 sin 0 — \uyct 3 sin 0 cos 0 

7 — t 3 (1 — sin 2 0 sin 2 0) + • • 

6 V 

provided we discard terms in V 2 j c“ as compared with unity. 
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Solving the last equation for t by successive approximations, 

s 1 y c « • , 1 <*y c ci . „ 

t «* ~ S' "sin 8 sin <j> + - s a sin 8 cos <f> 

s 3 (i — 4 sin 2 0 sin 2 <£) + ••• . 


i y 2 c 2 
6 


Putting this in the expressions above for x, y , % the coordinates of 
the displacement of the electron are expressed as functions of s by the 
following series: 

x — s sin 8 cos 4 > + — 77 j -2 sin 8 sin <f> 775 s 2 sin 2 8 sin d> cos d> 

2 V i V 2 

I CO 2 

— — —5 s 3 sin 8 cos d> 

6 V 2 

+ 7 s 3 (i + sin 2 6 cos 2 <£ — 3 sin 2 6 sin 2 <f > ) 

I -y 2 o . 

— — -775 j sin 8 cos <£ 

6 

1 -v 2 r 2 

1 T 6 3 /_ ? 2 


6 


j 3 (i — 4 sin 2 0 sin 2 <j>) sin 8 cos (f> + 


1 co 


y = 


JL gy * 

j sin 8 sin <j> 77 s 2 sin 8 cos <6 

2 V 

1 yc 


a yc n, • 9 a • 9 \ I CO q. 

H — -772 j C 1 — sin 0 sin 4 >) — — -772 sin 8 sin <f> 


2 V 2 


6 V 2 


2 U>yC 0 . q _ • I T 2 q . 

H 775“ j sin 0 sin <£ cos <t> 775 s a sin 8 sin d> 

3 V * 2 V 2 

2 y 2 c 2 

^74- j 3 (i — sin 2 0 sin 2 <f) sin 8 sin <j> + • • 

3 

j cos 0 — — ^72 s 2 sin 0 cos 0 sin <f> + — s 3 sin 8 cos 0 cos <f> 

— ^ ^ j3 cos ^ j3 ^ ~“4 s * n2 ^ s * n2 ^ cos 

Next we must find an expression for the number of electrons orig- 
inating in the volume element dx dy dz at 0 (Fig. 62) which pass 


2 = 


f (67-7) 
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through the area ( dy dz ) p at P per unit time. Since equations (67—7) 
give x 9 y 3 z as functions of s 9 d 9 <f> we have 


{dy dz) p — ds 
ds 


J ds dd d<f> 


where J is the Jacobian 


dx 

dx 

dx 

~ds 

~dd 

d<t> 

dy 

dy 

dy 

ds 

dd 

d<f> 

dz 

dz 

dz 

ds 

dd 

d<f> 


_ y=l —d 

J - f\ si n / 


Hence 


(dy dz) p — — dd d<j > 9 

OX 


and, if the number of electrons per unit 
volume per unit time which start out on 
a new free path with initial speed in 
the range V to V + dV after collision 
with an atom core is denoted by dN y then 
the number leaving the volume element 
dx dy dz directed toward the area (dy dz) p 
is, per unit area at jP, 


/sinfldtfd# 



Fiq. 62. 


dN sin 6 dd defy dN dx sin 0 T _ 7 

— — — — dx dy dz = — dx dy dz , . 

47 r (dy dz) p 47 r ds J 

But dx dy dz — J ds dd d<j>. Therefore this number is 

dN dx . 

sin d ds dd d<l>. 

47 r ds 

Of these, however, only the fraction * e — will reach P before suf- 
fering a collision, where / is the mean free path of the electrons. 
Furthermore, if dn Q is the number of electrons per unit volume at O 


* The derivation of the Kinetic Theory expressions used in this article may be 
found in L. Page, Theoretical Physics , 2nd Edit. Art. 102 and 103. 
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with speeds between V and V + dV, dN is related to dn 0 by the 
equation 

V 

dN = — driQ. 

* 

Consequently the number of electrons of initial speed between V 
and V 4 - dV> whose paths originate in the volume element at O, 
which pass through a unit area at right angles to the X axis at P 
per unit time is 

dnc\ V , 7 dx 

re a/l — sin 6 ds dd d<f>. (67—8) 

^7T l qS 


If there is a temperature gradient at right angles to the Z axis, as we 
have assumed, dn$ varies with the position of the point O. Hence, if 
dn is the number of electrons per unit volume at P with speeds 
between V and V dV, we must put 


dn<\ — dn — x — (dn) 

dx 



( dn ) 


before integrating over s , 6 and <£ to find the total number of elec- 
trons passing through the unit area under consideration at P. Next, 
integrating from o to 271-, 9 from o to 7 r, and s from o to 00 in (67—8) 
and similar expressions for unit areas at P perpendicular to the Y 
and Z axes, we get for the numbers dv x , dv V) dv z of electrons passing 
through unit areas perpendicular to the X , Y, Z axes respectively at 
P per unit time: 


dv x 


1 dn <? 2 / 2 
3 rrPV^c 


EH — — VI— (dn) 
3 dx 


3 me dy 


(dn)H, 


dv 


V — 


2 dn el g 

3 mV 



(dn) + ^ — j- (dn)H, 
3 me dx 


(67-9) 


dv z = o. 


To obtain the three components of the electric current density j 
we must multiply these expressions by the charge e of an electron 
and integrate with respect to n , whereas to obtain the three com- 
ponents of the heat current density L we must multiply by the 
kinetic energy of an electron and integrate. Now dn is given 
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in terms of the total number n of electrons per unit volume by 
Maxwell’s distribution law 

JA a -TV*TS2jTS 


dn = -~= z- V 2 V 2 dF, 

'V 7 T 


where r = m/nkT , k being the Boltzmann constant and T the abso- 
lute thermodynamic temperature. Hence 

and similarly for the derivative with respect to y. Substituting in 
(67-9) and integrating with respect to V from oto «>, we get for the 
electric current density 


jx = f edv x = 
j y = / edvy = 

7* = J* edv z = o. 


4 *zg 2 / 

3 'V // iirinkT 


1 ne z l 2 2 3 T 

^ 771 chT 3 iTTTTlkT dx 

2 dT 

3 'I'irmkT dy 


and for the heat current density 


IX = 


I n<?p rTT „ a*rar 

— t i7ilh \l — 

6 me * o# 


hv ~ f l 


— mV 2 dv v — — nel 
2 3 


ikT 


— 2«/& 


1 nel 2 k TT dT 

~~ H "7 » 

2 qy 


CLkT dT 


jhz = “ mV 2 dv z *= o. 


1 nel 2 k TT dT 

+ ” " T“» 

2 OA7 


which we can express more simply in the vector forms 
a ne 2 l f_ k _ m ] . 1 ne z l 2 _ v 


3 iTTJtlkT 


-7T +—EXH, (67-10) 
2<? J 3 mckl 
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5 % 



_j_ i n ^l 2 

6 me 


E X H 


. 1 nel 2 k 

H H X VT. (67-1 1) 

2 772C 7 7 

First we consider the special case where no transverse magnetic 
field is present. As the electrical conductivity c is the ratio of j to E 
when all parts of the conductor are at the same temperature, and 
the thermal conductivity * h is the ratio o fj h to | -VT| when no elec- 
tric current is flowing, 

— 4 

3 V27 VmkT ’ 


5 „ fekf 

<rh = ~ nlk yl 

3 v Trm 

Although there are too many unknown quantities in these expressions 
to make comparisons with experiment possible, if we take the ratio of 

the thermal to the electrical conductivity we are led to the simple 
expression 



known as the law of Wiedemann and Franz. A relation of this form 
holds well for pure metallic conductors, but with a numerical coeffi- 
cient slightly greater than 3 instead of -§ . 

The term in j h involving E represents the heat current due to the 
excess of the energy gained in the course of a free path by electrons 
moving in the direction of eE over that lost by electrons moving in the 
opposite direction. The coefficient k/(—ie) of V Tin the expression 
for the electric current j is the Thomson coefficient or specific heat of 
electricity . To investigate its significance, consider a metallic con- 
ductor in which both an electric field and a temperature gradient are 
present. Multiplying (67-10) by the resistivity p = i/a of the metal, 

pj = E + (Z^j VT * (67-13) 

When no current is flowing, there is an electric field in the opposite 
sense to VT, since e is negative. This is due to the transpiration 4 

* L. Page, Theoretical Physics , 2nd Edit. p. 347. 
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of electrons from the hotter to the cooler end of the conductor. If we 
apply an equal and opposite field by external means, so that the resul- 
tant E in the metal is zero, a current will flow from the cooler to the 
warmer end, the energy necessary to maintain the current being 
supplied by the heat lost by the electrons in traveling from the hotter 
to the cooler end of the conductor. So when a resultant E in the direc- 
tion of V T is present in the metal, a greater current flows than would 
exist if all parts of the conductor were at the same temperature. The 
energy relations involved are made more apparent by taking the scalar 
product of (67—13) with j. Then 

pj 2 = E-j + ™ j-VT, 

showing that the rate pj 2 of production of Joule heat per unit volume 
exceeds the power E • j supplied per unit volume by an amount exactly 
accounted for by attributing a specific head k/{ — ie) to each unit 
charge. The experimentally measured values of this coefficient are, 
however, much smaller than that given by our theory. 

Next we consider the special case where a transverse magnetic 
field is present but there is no temperature gradient in the metal. 
The better to visualize the phenomena involved we may think of the 
conductor as a thin strip of metal with its surface at right angles to the 
magnetic field. In terms of the electrical conductivity cr we can write 
(67-10) in the form 

j “'{ E + i S' EXH )- (67 ~ I4) 

Solving forE, 

E = pj - - 3 ^ ff E X H, 

Snec 

where p is the resistivity i/cr. As the second term is very small com- 
pared with the first, we can substitute j for crE in it, obtaining 

E = pj + ~~ H X j. (67-15) 

8nec 

This equation shows that the electric field is not in the direction of 
the current, the factor 371-/8 nec in the transverse component being 
known as the Hall coefficient. This coefficient is measured experimen- 
tally by finding the angle which E makes with j, which is equal to the 
product of the Hall coefficient by the magnetic intensity divided by 
the resistivity of the conductor. 
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As the charge of the electron is negative, the Hall coefficient 
should be negative for all metals. Unfortunately for the simple 
theory which we have developed, this coefficient is positive in nearly 
as many cases as it is negative. 

The term involving E X H in (67-11) shows that an electric 
current flowing along a strip of metal placed in a magnetic field is 
accompanied by a transverse heat current the direction of which is 
independent of the sign of the carrier. This heat current produces a 
difference in temperature between the two edges of the strip, known 
as the Ettinghausen effect. While the temperature difference has the 
sense indicated by the theory in the case of most conductors, it has 
the reverse sense in the case of iron, a result which may be due to the 
unusual magnetic properties of this metal. 

Finally, consider an electrically insulated metallic strip, along 
which a temperature gradient exists, which is placed in a magnetic 
field perpendicular to its surface. Putting the value of E obtained by 
equating (67—10) to zero, in (67— 11), we find for the heat current 

+ — Hxvr. (67-16) 

The temperature difference between the edges of the strip due to the 
transverse heat current proportional to H X VT is known as the 
Righi-Leduc effect. Although exceptions exist, the sense of the effect 
is generally that predicted by the theory. 

The electric field in the strip, obtained by equating (67—10) to 
zero, is 

E=-V 7 ' + ^^%I 1 XVT. (67-17) 

2 e 8 c v mT 1 ,J 

The transverse component of E may be measured by observing the 
current through a galvanometer connected to opposite points on the 
edges of the strip. This is known as the Nernst effect. While the 
Nernst effect is in the sense predicted by the theory in bismuth, it is 
in the opposite sense in iron. 

68. Moving Media. — If a material medium has a constant 
velocity v relative to the observer’s inertial system S, it is generally 
simpler to discuss any specific problem involving the medium relative 
to the inertial system S' in which it is at rest and to which the equa- 
tions derived in this chapter apply, than to discuss it relative to the 
observer’s reference system. Then, if desired, the solution of the 
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problem can be expressed in terms of measurements made in 5 by 
means of the transformations already deduced. 

In some cases, however, it may be more convenient to make use 
of the electromagnetic equations relative to S, which we shall now 
derive, limiting our investigation to the case of an isotropic, but not 
necessarily homogeneous, medium at rest in S', for which the relations 
D' = kE' and B' = juiF' hold, where k and m may be functions of the 
coordinates and even of the time. Since E' and B' represent, respect- 
ively, the true electric and true magnetic fields in S', we shall first 
express the electromagnetic equations relative to S' in terms of these 
vectors alone. We have from (62—12), 

V'-(kE') = p\ 0) 

V'B' = o, (£) 

v'xe'= — -J, GO 

c bt 

v ' x ( 7) = M^ (kE ' ) + p ' v '}’ w 

= p' |e' + -V' X B'J ■ 00 

As usual, we shall take the X and X' axes in the direction of the 
velocity v relative to S of the reference system S' in which the medium 
is at rest. The transformations for the components of E' and B' are 
given by (47—2) and (47—4) respectively with the components of the 
magnetic induction replacing those of the magnetic intensity. From 
the Lorentz transformation (42-2) we find for the differential oper- 
ators 

A = 1 I A . 

bx' Vi — /3 2 \dx c bt J 5 

b b_ 

by' by 5 

d _ a 

bz' bz 3 

— T _ _ fl 4- 0 —l 

di' \/ 1 — l dt dx J 9 
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and from (59-1) we have for the current and charge density 

, , Vx — v 1 


— p /— 
Vi 

~P 2 

II II 

vV x 

1 

> 

W 

1 

c 2 

H VT 

~P 2 


(68-3) 


The transformation, although laborious, is straight-forward. The 
equation for the force per unit volume on the free charge retains, of 
course, the same form relative to S as relative to S'. The field equa- 
tions (#), (£), (V), (d) become respectively: 


.{ k ( E + Iv 


X B 


p 2 v 

c 


(*E) + P V 


V - IB — - v x E | = ^ v* — , 

l c J c 2, dt 

V X E + — v V • B = — — — , 
c c dt 


vx {* + 7 (“-£) vX ( E + 7 vXB )} 

-? vV K k - 3 vX ( b - 7 vXE ) 


W • (kE) 


I d \ k 2 

= 1 kE H 

c dt l p 


(-:) 


vX^B--vXEjJ+-p(V-v),(i) 


c 01 L C \ IX/ \ c / J c 

where, as usual, k = i/Vi — jS 2 . 

Eliminating first pV and then p from ( a ) and (</), and first V X E 
and then V-B from (i) and (r), we find that the five electromagnetic 
equations assume the standard form (62-12) relative to S provided we 
now define D and F by the relations 


d s «e + ~( i -^vx(b-^xe), 

»_2 + £(«_i) tX ( b + I txb ). 


(68-4) 


(68-5) 
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If we solve this pair of equations for D and B as functions of E and 
F we get the more symmetrical relations 

P = *E + - ~ l yx|f--vX«e|, (68-6) 

cl — /c/x l c J 

B = 1 vX E + -tXiJ • (68^7) 

Cl— p 2 KfX { C ' J 

This pair of equations can also be expressed in the simpler but less 
useful form 

D + iv X F = k(e + iv X Bj , (68-8) 

B-ivxE = M (F-^vXpV (68-9) 

first obtained by Minkowski. 

Implicit in (68—4) and (68—5) are the transformations for the com- 
ponents of D and F. For instance, taking the X axis in the direction of 
v and using (47-5) and (47—6) to transform the components of E and 
B respectively, we have from (68-4) 

D x = xE x — kEx — Dx, 

Dy = KEy + k 2 - £) (p 2 Ey ~ 0 B Z ) 

= k (kE v ' + 0 = k{D y ' + pF/), 

and similarly for D z and the components of F. Rewriting (47—5) and 
(47-6) with the components of B in place of those of H, we have then 
for the four field vectors the transformations: 


E x = Ex ' , 

Ey — k { Ey + &Bz' } , 
E. = *{£,' - p By'}-, 

D x = D x ', 

Dy = k\Dy + PF,'}, 

D z = k{D z ' - pFy } ; 


B x — B x ' , 

By - k\By' - PE Z '\ , 

B z = k{B Z ' + f3Ey'}-, 
F x = F x \ 

Fy = k{Fy' ~ PD Z } , 

F z = k\F z ’ + PD y '\. ■ 


(68-10) 
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It is worthy of note that the pair of transformations for D and F are 
identical in form with the pair for E and B. The inverse transforma- 
tions are obtained from these by interchanging the primed and 
unprimed components and changing the sign of the terms in /3. 

An experiment performed by H. A. Wilson in 1904 affords a test 
of (68—4). In this experiment a slab of dielectric k (Fig. 63) is trans- 
lated with velocity v between the plates AB and CD of a condenser 
through a magnetic field B z parallel to the Z axis. Neglecting terms 
in / 3 2 in (68—4) we have for this case 

D y — kE v — (k — i) i QB Z 

since n = 1. Now the electric intensity outside the dielectric, which 
is due entirely to the polarization charges of equal magnitude and 



opposite sign on the two surfaces of the medium, is negligibly small. 
Hence the electric displacement D y , since it is continuous at each sur- 
face, must vanish inside the dielectric as well as outside. Conse- 
quently 

-Ey = &B Zi (68-11) 

K 

which is (k i)/k times the electric field due to the charges produced 
on the surfaces of a conducting slab moving with the same velocity 
through the same magnetic field. Each plate of the condenser assumes 
the potential of the adjacent face of the dielectric, and the potential 
difference E y d is measured by the electrometer E. The formula 
(68—11) was well verified by the experimental observations. 

The reader s attention must be drawn to the fact that, when a 
dielectric of permittivity k is moving with velocity v relative to the 
observer's inertial system, B and F are not in general the same inside 
the medium even if its permeability /z is unity. This is easily made 
evident in the situation described in Fig. 63. Relative to the reference 
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system S' , in which the dielectric is at rest, D y = kE v ' and B z — F z . 
But relative to S we find from (68-10) that B z — k\F z + &E y '} and 
F z — + jS/cE/ } . Hence exceeds B z by 

F Z - B Z = Pk(K — I )Ey. 

This difference, of course, is due to the currents produced by trans- 
lating with velocity v the dipoles in the medium which have been 
lined up by the electric field E y f . The true magnetic intensity B z 
includes the fields due to these dipole currents, whereas F z does not. 
Similarly D and E are not in general the same in a permeable med- 
ium with k — 1 which is in motion relative to the observer. 

If the moving medium is conducting, the current density relative 
to the reference system S' in which the medium is at rest is p'V' = oE', 
where <r is the conductivity. Hence 

o-E x = k(pV x — pv) y 

ck{Ey — $B Z } = pV y , 

«k{E z + fiB y } = P V Z , 

by (68-3) and (68-10). These may be combined in the vector equa- 
tion 

ok I 

p(V — v) = yE-f— vX B - -v x E , (68-ia) 

where p(V — v) is the current density relative to the moving con- 
ductor, as measured in S\ Even when B = o, the current is not 
exactly in the direction of E unless E is either parallel or perpendicular 
to v. We can, when B = o, write (68-12) in the form 

p(V - v) = S-E (68-13) 

where 2 is the symmetric dyadic 

S = v if + okjj + akkk. (68-14) 

k 

Problem 68 a. From (68-10) obtain the transformations for P = D — E 

and I s B - F. 
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69. Energy Equation. — In this article we shall derive expressions 
for the electromagnetic energy and the flux of energy in an electro- 
magnetic field. Inasmuch as we have established the electromagnetic 
equations for material media, we shall be able to treat concurrently 
the case of charges and currents in empty space and the case of 
charges and currents in a material medium at rest in the observer’s 
inertial system. Specifically we shall develop the theory for the latter 
case, that for the former requiring only the substitution of E for D 
and H for B and F. 

We proceed from the field equations (62-12*2) to (62-12 d). 
Taking the scalar product of F by (62-1 2c) and of E by (62-nd) and 
combining, we have 

E-D+ F-B + cV- (E X F) + pV-E = o. (69-1) 

At first we shall exclude ferromagnetic media, and limit ourselves 
to anisotropic media in which the relations D = K*E and B = M-F 
hold, where K and M are symmetric dyadics, or to the simpler case of 
isotropic media where D = kE and B = pF. In an anisotropic 
medium 

E-D = E-K-fi = j { 1 E K-E} = f {§E-D} 

ot 01 

since the medium is at rest and therefore the elements of K are not 
functions of the time, or in an isotropic medium 


E-D = (cE-E = i {fcB-E} = | {jE-D}, 

and similarly for F*B. So, in either case, if we integrate (69-1) over 
a fixed volume r, 


/ (*E-D + ^F-B)Jr + c 'j* E X F-^cr + j* pV -E^t = o, (69-2) 
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the second term having been expressed as a surface integral over the 
surface <r bounding r by Gauss’ theorem. 

Now the last term in (69— a) represents the rate at which work is 
done on the free charges in the region r by the electromagnetic field, 
since it is the volume integral of the scalar product of the force 
per unit volume expressed by (62-1 o.e) and the velocity V of the free 
charge p. Even if the volume r is large enough to contain a com- 
pletely isolated group of charges, this integral does not, in general, 
vanish. Therefore, if we wish to retain the law of conservation of 
energy, we must conclude that work may be performed by an electro- 
magnetic field on a group of charges at the expense of other forms of 
energy analogous to the kinetic and potential energies of dynamics, 
which we may consider to be electromagnetic in character. Further- 
more, we must recognize the fact that, if E and F do not vanish over 
the surface a- bounding the volume r, we cannot consider the region r 
to constitute an isolated system in so far as the electromagnetic field 
is concerned, but must take into consideration the possibility of a 
flow of energy out of or into the region r through its boundary. The 
law of conservation of energy may therefore be expressed in the 
following words: the time rate of increase of the electromagnetic 
energy in the region r, plus the time rate of flow of energy out of r 
through the bounding surface <r, plus the rate at which work is done 
by the electromagnetic field on the charges within r, is equal to zero. 
This statement leads to the following interpretation of the quantities 
appearing in (69-2): in each unit volume there is present an electric 
energy 

u B = JED (69-3) 

and a magnetic energy 

Ur — JFB, (69-4) 

and through the boundary there is a flow of energy given in magnitude 
and direction by the Poynting flux 

s = cE X F (69-5) 

per unit cross-section per unit time. We need not consider alterna- 
tive interpretations, for all interpretations consistent with (69-2) 
must lead to the same results in so far as measurable energy changes 
are concerned, and it is obvious that we have chosen the interpreta- 
tion most directly suggested by the form of the equation. 
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In an isotropic medium these expressions become 

u E = i*E 2 > uh = s — cE X F, (69-6) 

and for charges and currents in empty space 

u a = iE 2 , u H - \H 2 , s = fE X H. (69-7) 

The restriction on the type of medium which we made in deducing 
(69—2) from (69—1) was necessary to enable us to express the first two 
terms in (69—1) as derivatives with respect to the time. If we do not 
introduce this restriction we still have for the time rate of increase of 
electromagnetic energy in the volume r the expression 

(ED +F-B)^r, 



which gives for the electric and magnetic energies per unit volume 

ue — E • dD, uh — f E • d&. (69—8) 


These expressions are valid in any medium, even ferromagnetic. The 
expression for the Poynting flux, of course, remains as before, what- 
ever the nature of the medium may be. 

We shall now consider some examples, the medium being either 
one for which the constitutive relations assumed in deriving (69-2) 
are valid, or empty space. 

In the case of an electrostatic system of charges all at rest in the 
observer’s inertial system, F is everywhere zero and the Poynting 
flux vanishes. In this case the total electromagnetic energy is 


U E 



ijE*D dr 


(69-9) 


integrated through all space. This represents th q potential encvgy of the 
group of charges. For example, consider an isolated sphere of radius ci 
Wlt h ^ uniformly distributed surface charge Qy the sphere being sur- 
rounded by an infinitely extended isotropic dielectric of permittivity k. 

Then E vanishes inside the sphere and is given by Q/^ttkt 2 outside. 
Hence 


U B = - f E 2 A irr 2 dr = - 

2 J a 87 TKU 


(6 9 -Io) 


We recognize this as the expression calculated by elementary methods 
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for the potential energy of a charged sphere. From it we conclude 
that the capacity of the sphere is 47™ a. 

Again, in the case of a purely magnetostatic system of current cir- 
cuits all at rest in the observer's inertial system, E is everywhere 
zero, the Poynting flux vanishes, and the total electromagnetic 
energy is 

U s = J §F-B<fr (69-11) 

integrated through all space. This may be interpreted as the kinetic 
energy of the currents since it reduces to zero if the moving charges 
are brought to rest. For instance, consider a circuit consisting of two 
coaxial cylindrical shells of radii a and b {b > a ) , connected at their 
ends by perpendicular planes, between which there is present a para- 
magnetic or diamagnetic medium of permeability j u. If a constant 
current i flows around this circuit, (62— lid) shows that F = if 'liter 
between the shells and is zero elsewhere, r being the distance from 
the axis. Therefore if l is the length of either cylinder, 

Uh = — f F 2 2 tt dr = ~~2 l°g “ j (69-12) 

a 


4 TTC 


a 


giving (jil/iirc 2 ) log b/a for the self-inductance of the circuit. This 
expression for the magnetic energy of the circuit agrees with that cal- 
culated by elementary methods. 

In general, however, we do not secure agreement with our ordinary 
definitions if we interpret electric energy as potential and magnetic 
energy as kinetic. To illustrate this fact we shall calculate the energy 
of a Lorentz electron moving through empty space with constant 
velocity v relative to the observer’s inertial system S. The electric 

and magnetic energies are \E 2 dr and ^ \H 2 dr respectively, 

which we need integrate only from the surface of the electron to 
infinity since the field inside the electron vanishes. The integration 
can be carried out most conveniently in the inertial system S in 
which the electron is at rest, for in that inertial system the electron is 
a sphere of radius a. Taking the X axis in the direction of v, we have 

H x = o. 


E* = E, 


X 5 


Ey = kEj, Hy=~ W E,', 
E s = kES, H z = kp E v \ 
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from (47—5) and (47—6). Also, on account of the Fitzgerald-Lorentz 
contraction, dr = dr' Ik. Consequently 

U B =f §E 2 Jt = Ij [E x ' 2 + k 2 {EJ 2 + E x ' 2 )}dr’, 

Ub = J \H 2 dr = ~-f {Ey' 2 4 - EJ 2 )dr'. 


From symmetry 



Both Ue and Uh are functions of |3, and Uh alone does not accord 
with (57—18). Even if we add Ue and Uh to get the total energy C7, 
and subtract from U the energy U 0 for v = o, we get 


U - 




(69-13) 


which does not agree with the change in kinetic energy 

(69_I4) 

obtained from (57—18). 

The discrepancy is due to the fact that the electron is not a rigid 
structure, but contracts as its velocity relative to the observer 
increases. Since U — Uq represents the increase in total energy it 
includes, in addition to the increase in kinetic energy, the work done 
against the electromagnetic stress on the surface of the electron as 
the volume of the electron diminishes. 

We shall calculate this stress now. Let the broken circle of 
radius a (Fig. 64) represent a section of the electron as viewed from 
the inertial system S' in which it is at rest, and the solid ellipse the 
same section of the electron as it appears to an observer in the inertial 
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system S. If a is the angle which the normal to the surface 
element da makes with the X axis, evidently tan a = Vi — (3 2 tan 0' 



= (1 — 0 2 ) tan 0. The components of the force A per unit charge 
just outside da in S are 

^ X — E X ~ E x y 


Hence 




E 


V 



Ey 

k E x 


— tan O' = tan oc 
k 


y 


showing that A is normal to the surface. As the electromagnetic 
field vanishes inside the electron, the force to which a unit charge on 
the surface is subject is 


JL 

2 




_1_ 


F 


1 2 


e 

87 r<2 2 



cos 2 0' + 


sin 2 d' 


(69-15) 


To find the charge p ff per unit area on the surface of the electron, 
we have p a da = pjda' and p / — e/^Tra 2 . Therefore, as 


da = da f 


sj cos 5 


e' + 


sin 


0' 


k 2 
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we find 


Per — 


4 ra 




cos 2 6 ' + 


sin 2 6 ' 

~ir 


(69-16) 


Multiplying (69-15) by (69-16) we get for the force per unit area 
or stress 

^ (69-w) 

along the normal to the surface. It should be noted that this is a 
hydrostatic tension independent of the velocity of the electron. The 
work W done against this stress when the velocity increases is 
measured by the product of the stress by the decrease in volume, 
that is, 

^ = ^ fi-iVi -6 2 }. (69-18) 


Adding this to (69-14) gives (69-13). 

The Poynting flux finds its chief field of usefulness in radiation 
problems. Here we will give only one simple illustration. Consider 
a long, straight conductor of circular cross-section carrying a steady 
current i. If R is the resistance per unit length, the electric intensity 
just outside the conductor is E = Ri parallel to the current. The 
magnetic force just outside is F — i/iirac perpendicular to the cur- 
rent, where a is the radius of the conductor. Therefore there is a 
Poynting flux through the surface of the conductor directed inwards 
amounting to s = cEF = Ri 2 /lira. This represents a flow of energy 
into the conductor through its surface in the amount Ri 2 per unit 
length per unit time, accounting quantitatively for the Joule heat 
produced. Evidently this calculation is valid whether the conductor 
is surrounded by a material medium or not. 

70. Stress and Momentum in a Homogeneous Medium. — In 
this article we shall limit ourselves to a homogeneous medium at rest 
in the observer’s inertial system in which the constitutive relations 
D = K*E and B = M-F or D = kE and B = juF hold, including 
empty space as a special case. If, then, a material medium is under 
consideration, the only free charges which may be contemplated are 
elementary charges, such as electrons, which may be present in the 
medium without disturbing its homogeneity. If, on the other hand, 
the medium is empty space, our formulas are valid for extended free 
charges of any dimensions. 
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Eliminating p and pV from the equation (62-1 2<?) for the force per 
unit volume on free charges immersed in a material medium by- 
means of (62-12*2) and (62-12*/) we get 


gr = vde + (vxf)xb--dxb. 

C 

Also, from ( 61-iib ) and (62-12 c), 

o = VBF + (V X E) X D + - B X D. 

c 

Adding, expanding the triple vector products, and combining terms, 
8F = -"(DXB) + V • (DE + BF) - VE-D - VF-B. (70-1) 
If D = KE, 

VE-D = VE-K-E = Jv{E-K-E} = Jv{E-D}, 

as the medium is homogeneous and therefore the elements of K are 
not functions of the coordinates; or, if D = kE, 

VE-D = kVE-E = §v{kE-E} - |v{E-D}, 

and similarly with VF-B. In either case 

“CD X B) + V • (DE + BF) - §V(D-E+B-F). (70-a) 


The electromagnetic force on all the free charges in the portion of 
a homogeneous medium lying inside a fixed volume r is, therefore, 
given by the integral 




7,1 s 


I 


X Bdr + / (ED + FB) -da 


f (E D 

rr 


+ F-B)*/cr, (70-3) 


where the last two terms have been expressed as surface integrals with 
the aid of (17-4) and (17-3). In this expression the force is specified 
entirely in terms of the field vectors without explicit reference to the 
free charges and currents on which it acts. The part 

CfC r -y f D x B dr 

c dtj r 


( 70 - 4 ) 
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remaining as a volume integral represents a body force distributed 
through the volume r, while the part 



(ED 4 * FB) • d<r - 



(E-D + F-B)dcr 


( 7 °- 5 ) 


expressed as surface integrals represents stresses acting on the surface 
g bounding r. 

We can write (70—5) in the form 



d <rW 


where $ is the stress dyadic 


(70-6) 


M* = DE + BF — J(E-D + F-B)I, (70-7) 


I being the unit dyadic ii + jj + kk. In terms of its elements, 

¥ = ii{i(E x D, - EyDy - E Z D Z ) + §(F X B X - F y B y - F Z B Z ) ) ] 

+ij{ E V D X + F V B X } + ik { E Z D X + F Z B X } 

+ ji{E x Dy + F x By] + jj{i(E- y D y - E X D Z - E X D X ) 

+i(F v B v - F Z B Z - F X B X ) } +jk{ E X D V + F X B „ } \ (70-8) 
+ ki { E X D Z + F X B X } + kj{E y D x + F V B Z \ 

+ kk{^(E Z D Z — E X D X — EyDy) 

+ A ( F Z B Z F X B X FyBy) } . 


As the stress on the surface element d& is the force per unit 

volume due to the stress system is V-\P from (25—4). 

In any electrostatic or magnetostatic field the body force van- 
ishes, since D X B is not a function of the time. If we are interested 
only in the mean force the same is true for any steady radiation field, 
for, although D X B varies during a single period, its mean value 
remains unchanged. In either of these cases the mean resultant 
force is given completely by integrating the stresses over the boun- 
dary of the region r. 

On the other hand, if the electric and magnetic fields vanish every- 
where on the surface cr the entire force on the free charges within this 
surface is given by (70—4). This condition can always be met by 
making the boundary <r sufficiently remote provided E and F fall off 
at least as rapidly as the inverse square of the radius vector r for 
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all r > R, for then products of two components of E or of F fall off 
at least as rapidly as r -4 for r > R and the surface integrals in (70—3) 
vanish with r ~ 2 . This is the case with any static or uniformly con- 
vected system of charges, or with any radiation field which does not 
extend to infinity. Under these circumstances we may write (70-3) 
in the form 

— f D X B dr = o, (70-9) 

c at j 

where the volume integral is taken over all space. We see from this 
equation that the electromagnetic forces which the free charges exert 
on one another do not, in general, form a system in equilibrium, as do 
the mechanical forces between particles on the Newtonian dynamics. 
Hence the law of action and reaction no longer holds, if we limit our 
consideration to the forces on charges alone. We can reestablish 
this important law, however, if we introduce in addition to forces on 
charges a force 

-7 A> X Bdr 

cdt J 

on the electromagnetic field. The fact that this force appears as a 
time derivative enables us to interpret 

G 1 ® — ^'d X B dr (70—10) 

as the linear momentum of the electromagnetic field, and 


gi --D XB 

c 


(70-1 1) 


as the linear momentum per unit volume. Provided we always take 
into account this electromagnetic momentum, the law of action and 
reaction and its corollary, the law of conservation of linear momen- 
tum, remain valid for charges in an electromagnetic field. 

The concept of a force acting on an electromagnetic field in which 
the volume integral of D X B is not constant in time is not limited, 
however, to the case where the surface integrals in (70—3) vanish. 
For, if we write this equation in the form 




1 d 
c dt 


/dX 

= J (ED + VS) - da - i J (E-D + F-B )d<j, (70-12) 
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we can still interpret the second term on the left as the force on the 
electromagnetic field inside the region r. Then the equation states 
that the sum of the force on the free charges in r and the time rate 
of increase of the linear momentum of the field in r is equal to the 
force due to the stresses on the surface c bounding r. 

In an isotropic medium (70—11) becomes 

g* = ^EXF=^s (70-13) 

and in empty space 

gi = ~EXH = pjS, (70-14) 

where S is the Poynting flux. 

As an example we shall calculate the electromagnetic linear 
momentum of the field of a Lorentz electron moving through empty 
space with constant velocity v relative to the observer’s inertial 

system S. It is clear from symmetry that Gi y = Gi z — o. Using 

the relations given in the last article, 

= {EyH, - E z H y )dr = (E v ' 2 + E z ' 2 )d V 

_ £_ v 

(nrac 2, -y/ 1 — p 2 

We have, then, for the vector momentum of the field 

G * ■ e^? / V 7 = m,v ’ (7 °" I5) 



where m t is the transverse mass of the electron. 

If, now, the electron suffers a very small acceleration, we may 
still take (70—15) to represent the linear momentum of its field at 
every instant to a high degree of approximation, since the field in the 
immediate neighborhood of the electron, which is effectively that of a 
charge moving with constant velocity, contributes by far the larger 
part to the integral representing the electromagnetic momentum. 
Hence the derivative of (70—1 5) with respect to the time represents 
the force exerted on its field by the electron, and the negative of this 
derivative gives the force exerted on the electron by its field, in 
agreement with the result found in (57-14) by a more direct method. 
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As another example of the significance of electromagnetic linear 
momentum consider the infinite parallel plate vacuum condenser 
depicted in Fig. 65, which is placed in a uniform magnetic field Hq 
parallel to the plates. Take the Y axis perpendicular to the plates 
with the Z axis in the direction of the magnetic field. We shall 
suppose that the plates have been given equal and opposite charges 
and then insulated. At the instant o we liberate a layer of ions of 
charge p ff per unit area from the positive plate by suitable means. 
The electric field between the plates due to the unequal charges 
remaining on the plates we shall denote by Eq. The initial resultant 



electric field is, then, Eq + 2/°*> and, if the distance between the 
plates is /, the initial electromagnetic linear momentum, per unit 
area of the plates, is 

Gjo = “ { EqH 0 + ^p 0 Hq\ (70—16) 

e 

in the X direction. 

We shall assume that both Eq and p a are very small compared 
with Hq. Then the velocities of the ions will at all times be small 
compared with c, and we can use the approximate formulas (66—21) 
for the ion paths, putting —eHjmc for kSl' in accord with (66—19). 
For an ion starting from rest at the origin O, e' = 71-/2 and 


x = 


y = 


Eq me 

c 7T q ‘ 7 H 0 2 


2 E 0 . eHo , 

sin /, 


me 


me 2 Eq \ 


eH, 


Ho 2 l 


cos 


0 


me 


(70-17) 


We are going to compare the electromagnetic momentum when 
the ions are at the tops of their cycloidal paths with that existing 
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initially. For simplicity we shall suppose that the ions just fail to 
reach the negative plate of the condenser. Then 


me 2 Eq 


(70-18) 


At the tops of their paths the ions have a velocity v = icEq/Hq 
in the X direction and therefore give rise to a magnetic field p ff Eq/Hq 
opposite to Ho in the region between the plates. The resultant 
electric field between the plates is now Eq — §p„. The electromag- 
netic linear momentum per unit area of the plates is then 

Gi = l - {£ 0 - hpA {tfo - • (70-19) 

The loss in electromagnetic momentum per unit area is therefore 

Giq — Gi — - Pt,Ho 

c 


to our degree of approximation. Using (70-18) this becomes 

E 0 


me £Lq ptf 

Giq — G 1=1 — Per "77" — m — v. 

e H 0 e 


(70-20) 


But, as p a /e represents the number of ions per unit area of the layer, 
this is just the mechanical momentum gained. We have here a 
conversion of electromagnetic momentum of the field into mechanical 
momentum of the ion stream, the total linear momentum being 
conserved. 

The electromagnetic torque SB about any fixed origin O on all the 
free charges in the portion of a homogeneous medium lying inside 

a fixed volume r is / r X SFdr, where r is the radius vector from O 

to the volume element dr. Using (70—2) for 

^=--4 / rXQDX B)a?r + f r X {v • (DE + BF) }dr 
c dt J r J T 

J rXV(I).E + B-F)ir. 
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Now, with the aid of (17—4), 


J ~ r X (V -DE)ifr = -j^V-DE X t dr — fj> Vt 

= JzX EDdcr + J~ E X T>dr, 


Vr X E dr 


since 


= 6 - 
\ dx 


Also 


. d d 

+ J ~ b T" 

ay az 


) (i 


(pc + jy + fez) = ii 4- jj + hk. 


f r X V(D-EVr f V X (E-D)r dr + / D 


E V X rdr 


= f E- 

or 


Dr X d<r , 


if we use (17—5) and note that V X r vanishes identically. Similar 
expressions hold for the corresponding integrals in B and F. Con- 
sequently 

Se= -\ltJ T r X OD X B )dr +£ (E X D + F X B )dr 

+ f r X (ED + FB) • d<r — £ / (E D + F B)r X d<r. (70-21) 

Comparing with (70—3), we notice that the integrand of each 
term is the vector moment about 0 of the integrand of the correspond- 
ing term in (70—3), with the exception of the second volume integral, 
to which no term in (70—3) corresponds. This volume integral, 
which fails to vanish only in an anisotropic medium, represents a 
couple independent of r. It is, however, exactly compensated by an 
equal and opposite couple due to the unsymmetrical stress system 
represented by the two surface integrals. For we can put the torque 
specified by these integrals in the form 


-/ 


r X (V/cr- "'F) 


(70-122) 


where is the stress dyadic (70—8). Then (25—5) shows that the 
stresses give rise to a couple 

= DXE-bBXF 


(70-23) 
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per unit volume. If this compensation did not take place, each ele- 
mentary free charge in an anisotropic medium would acquire an 
infinite angular acceleration in the presence of an impressed electro- 
magnetic field. 

To interpret (70-21) we arrange the equation in the form 


SB+ - ft X (D x TS)dr = f r X (ED + FB) ■ da 
c at J r J a 

J (ED + FB)r X d<r + J (EXD + FXB)*. 


Since 


go = - r X (D X B) = r X gz 
c 


(70-04) 

(70-05) 


is the vector moment of the electromagnetic linear momentum, or the 
electromagnetic angular momentum, per unit volume, the equation 
states that the sum of the torque on the free charges in r and the 
time rate of increase of the angular momentum of the field in r, is 
equal to the torque due to the stresses on the surface <r bounding r 
less, in the case of an anisotropic medium, the couple produced by 
the unsymmetrical stress system. Provided we attribute to each 
unit volume of the electromagnetic field the angular momentum 
specified by (70—25), the law of angular action and reaction and its 
corollary, the law of conservation of angular momentum, remain 
valid for charges in an electromagnetic field. 

We can write (70—25) for an isotropic medium in the form 


ga = — rX(EXF)=-;rXs (70-26) 

c c 

and for empty space in the form 

ga = ~ r X (E X H) — ^ r X s, (70-27) 

where s is the Poynting flux. 

As an illustration of the concept of electromagnetic angular 
momentum we shall develop the theory of a famous experiment first 
performed by Trouton and Noble in an attempt to detect the motion 
of the earth relative to the ether. Consider a vacuum parallel plate 
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condenser (Fig. 66) which has a velocity v in a direction making an 
angle a with the normal n to the plates AB and CD relative to the 
inertial system S (the ether). Take the X axis parallel to v and the 
Y axis in the plane of v and n. 

We shall calculate the electro- ^ 
magnetic momentum of the field 
between the condenser plates, 
treating the condenser as if the 
plates were infinite in extent. 

The first step is to find 
the field between the plates of 
the condenser. Evidently the 
angle ol' which the normal to 
the plates makes with X' in 
the inertial system S' in which 
the condenser is at rest is 
given by tan a! — tan a/Vi — /3 : 

charges per unit area of the plates in S and S' respectively, 

, cos a! “\/i — /3 2 



X 


Also, if p a and pj are the 


Pa Pa 


cos cl 


— pa 


In S', then, 


E x “ pa COS OL Pa 


E y ' — pa' sin cl' = pa 
HJ = o. 

Hence, by (47—5) and (47—6), 

E x = EJ = pa 


V7 

— /3 2 cos 2 CL 


- /3 2 ) cos cl 

1 — 

( 3 2 cos 2 OL 5 

VT 

— /3 2 sin ol 

1 — 

)3 2 cos 2 OL ’ 


(1 — jS 2 ) cos 


a. 


/d2 2 > 

P COS CL 


Ey kEy Pa 


sin cl 


Hz = VkEy' = Pa 


/j2 2 > 

I — p COS CL 

(3 sin oc 


, ,_,2 2 > 

I — p COS CL 
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in S. Consequently the electromagnetic linear momentum per unit 
volume is 

2 & • 

p a — sin a. 

Si = ~ c (E X H) = (l p2 cos 2 “ - j (I - / 3 2 ) cos a} . (70-28) 

If r is the volume of the condenser, the electromagnetic angular 
momentum about the point O is 


-X 


r X g \dr 


and the time rate of decrease of this vector is 
d G 


to* _ C 

dt J r V 


X g 1 dr = kpa 2 ( 3 2 r sin a. cos a (70—29) 


if we neglect terms in / 3 2 as compared with unity. Trouton and 
Noble concluded that a moving condenser would experience a torque 
of this magnitude tending to turn the plates parallel to the direction 
of motion. Experiment, however, supported the relativity principle 
in showing that no such torque exists. 

How are we to explain this apparent paradox? It might be 
suspected that the torque (70-29) is balanced by an equal and 
opposite torque which our analysis has not revealed because we have 
neglected the edge effect in treating the condenser as if its plates were 
infinite in extent. That no significant error has been introduced by 
this approximation may be made evident, however, by considering an 

equivalent problem which we can solve 
exactly by elementary methods. The 
discussion of this problem will dis- 
close the answer to the paradox. 

In this equivalent problem we 
consider two point charges e and — e 
(Fig. 67) held apart by an insulat- 
ing rod of length / which is moving 
with velocity v in a direction mak- 
ing an angle a with its length. 
Let the rod lie in the XY plane with the X axis in the direction of v. 
From (54-3) and (54-4) we have for the electric field at — e due to e 



X 


E = 


e(i - (3 2 ) 


47t/ 2 (i — /3 2 sin 2 a) 


H 
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parallel to the rod, and for the magnetic field 

e(i — j 3 2 )/3 sin a 


H = 


47 ri 2 (i — / 3 2 sin 2 ct)^ 
along the Z axis. Therefore the force on the charge — e is 

& — — e |e + -^ V X h| 

? 2 (i - 0 2 ) , 

4 x/ 2 (i - ^ sin 2 «)* 1 ~ l COS “ ~ J ' (l - ^ > sin “}* 

and the force on e is equal and opposite to this. As, however, these 
forces do not act along the line joining the two charges, they give 
rise to a couple whose torque is 

-2 


SB — k / 3 2 sin a. cos a 

4-w/ 


(70-30) 


if we neglect terms in j8 2 as compared with unity. This torque is of 
exactly the same form as (70-29), showing that our analysis of the 
Trouton-Noble experiment was not vitiated by our failure to include 
the edge effect. 

If we view the mechanism of Fig. 67 from the inertial system S' 
it is evident that it cannot experience an angular acceleration. 
Hence we must conclude that the torque SB given by (70—30) is bal- 
anced by an equal and opposite torque. The latter, obviously, is 
supplied by the forces exerted on the charges by the insulating rod 
which holds them apart, a pair of forces which we have hitherto 
neglected. The relativity principle requires the forces exerted by 
the rod to suffer the same aberration when the mechanism is in 
motion relative to the observer as do the electromagnetic forces which 
the charges exert on each other. If all forces are electromagnetic in 
character, this is quite in accord with expectations. 

Our analysis of the Trouton-Noble experiment was incomplete, 
then, in that we failed to take into account the forces exerted on the 
plates by the insulating separators which hold the plates at a fixed 
distance from each other. These forces must give rise to a torque 
equal and opposite to that specified by (70—29). 

As a final example of electromagnetic angular momentum we 
shall analyze the motion of an ion in the field of a particle fixed at 
the origin which has an electric charge q and a magnetic moment p# 
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parallel to the Z axis. To a first approximation this is the type of 
field existing near the surface of the earth. The electric and mag- 
netic intensities due to the charged magnetic dipole at a point P 
whose position vector is r are respectively 

q — i 


E = 


.3 T > 


„ H = 5 {apar-rr + (Pa- X r) X r}, (70-31) 

47 rr~ 477-r 

by (58— 1 1). In this field there is a Poynting flux s = f E X H 
directed along the circles of latitude about the Z axis, and an angular 

electromagnetic momentum G a = (i /c 2 ) ^ r X s dr parallel to the 

Z axis. As the Poynting flux has no component along the radius 
vector, however, there is no flow of energy away from the dipole. 

Now suppose an ion of charge e is present at P. We shall limit 
our discussion to velocities small compared with <r, so that we can 
neglect the variation of the ion’s mass with velocity and neglect its 
magnetic field as compared with its electric field, taking for the 
latter that of a point charge at rest. On account of the term in 
V X H in the force equation, there is a torque on the ion about the Z 
axis amounting to 

,2 6 sin 6 cos 6 0] 


se z = -fc-{r X (V XH)} 


epH d ( sin J 
47 rc dt \ r 


-)• 


epH J r sin 

47TC 


— 2 


(70-32) 




where 6 is the angle which r makes with p#. This represents the 

time rate of increase of the angular 
momentum of the ion about the Z axis. 

To simplify the computation of the 
electromagnetic angular momentum about 
the Z axis due to the electric field of 
the ion and the magnetic field of the 
dipole, we shall first calculate the an- 
gular momentum of the fields of an 
ion e (Fig. 68) and a single magnetic 
pole m a distance r apart. If p and 
R are the distances of the field-point Q 
respectively, 

m 


Fig. 68. 


from e and m 


E - 


47Tp 


2 > 


H = 


47 rR? 
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It is evident that the entire electromagnetic angular momentum 
G a is along the line joining m to e. If a is the angle between r and R 
and y that between E and H , 



1 

c 



2 i r 

R sin a EH sin y IttR 2 sin a dot dR 


mer Z* 00 Z* 2 * R sin 3 a 
87rr *Jq Jq p 3 


da. dR 


since p sin y — r sin a. Changing the variables of integration from 
a and R to p and R by means of the relation p 2 = R 2 — iRr cos a + r 2 , 
we have 



/{■ - ( ! 


+ R 2 - p‘ 


(r 2 - R 2 )' 

4-R 2 r 2 


iRr 

1 r 2 + R* 
p iR 2 r 2 


)’} 



llR?r 2 


,3 


For R < r the limits of p are r — R and r + R, whereas for R > r the 
limits are R — r and R + r. Hence 


G a 


me 

6Trr 2 c 



RdR - 


mer 

6ttc, 


I 


00 dR 

R 2 


me 

Af.'KC 


(7 °“ 33 ) 


independent of the distance r of the charge from the pole. 

Since we can form a magnetic dipole of moment p h along the 
7 j axis by placing a magnetic charge — m at the origin and a magnetic 
charge m at the point 2 — pn/m , the component of the electromag- 
netic angular momentum along the Zj axis due to the electric field of 
the ion and the magnetic field of the dipole originally considered is 


G 


a 


cpji d_ 
47 rc dz 


cos 6 = 


epu sin 2 0 
4-Trc r 


( 7 °- 34 ) 


Comparing this with (70-32) we see that the angular momentum 
acquired by the ion is at the expense of the electromagnetic angular 
momentum of the field. If, for instance, a group of ions of opposite 
sign to that of the electric charge q on the dipole, which are initially 
at rest, approach the dipole under the electrical force of attraction, 
they will acquire angular momentum due to the torque exerted on 
them by the magnetic field. If, finally, they strike the dipole, this 
angular momentum will be transferred to the latter. This gain in 
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mechanical angular momentum, however, is just compensated by the 
loss of electromagnetic angular momentum of the held. 

71. Stress and Momentum in a Non-Homogeneous Medium. — 
The application of the results obtained in the last article to material 
media is severely limited by the fact that, in order to pass from (70—1) 
to (70-a), we were forced to restrict ourselves to a homogeneous 
medium in which D = K-E and B = M-F. Not only are the 
equations of article 70 inapplicable to a ferromagnetic medium, but 
we are not even warranted in using them to calculate the force on a 
charged conductor surrounded by a dielectric fluid, since the medium 
is not homogeneous throughout the volume over which we must 
integrate. These limitations are due to the fact that our analysis 
rested on the expression for the force on the free charges and currents 
alone. By calculating the force on all the charges and currents 
present — electric dipoles and Amp&rian currents as well as free 
charges — we shall now be able to deduce expressions of such broad 
applicability that no constitutive relations need be assumed, and no 
restrictions on the homogeneity of the medium need be made. 

Distinguishing the forces per unit volume on the free charges, 
electric dipoles and Amp^rian currents, by and respec- 

tively, we have from (70—1), 

(D X B) + V-(DE + BF) - VED - VFB. (71-1) 

c dt 

In calculating the electric force on a dipole of moment pj © which 
constitutes part of a material medium, we must make use of the 
mean electric intensity E less the contribution Ep to E made by the 
fields of the charges constituting the dipole. Thus the electric force 
on a single dipole is p.p-V(E — Ep) and the force per unit volume is 
P*V(E — Ep). Now whatever the value of Ep may be, it is certain 
that Ep in any portion of the medium must be proportional to the 
polarization existing there. So we can write Ep = aP, where a is a 
constant. Furthermore, if the electric moment is changing with the 
time, there is an additional force pp X (B — Bp)/r on each dipole 
due to the magnetic field, where Bp is the contribution to the mean 
magnetic field B made by the oscillating dipole itself. It is, however, 
quite clear from symmetry that Bp = o. Therefore the force per 
unit volume due to the magnetic field is P X B/r and 

= P- VE — P-VEp — j — P X B. 

c 
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But V X Ef> = o since Bp remains always zero, and hence 

o = (V X Ep) XP = P-VEp — VEp-P = P-VEp — - VP 2 . 
Also, from (62— \ic) 

o= — (VXE)XP — - BXP= — P-VE + VE-P + - P X B. 

c c 

Adding the last three equations 

= - T. CP X B ) + VE-P - - VP Z . (71-2) 

No force is exerted on an Amperian current by the electric field, 
but a force VH-p// is exerted on a circuit of moment p // by an external 
magnetic field H in accord with (64-19). In the case of an Amp&rian 
current constituting part of a material medium, we must use for H 
in this formula the true magnetic intensity B less the contribution 
Bj to B made by the magnetic field of the circuit itself. Evidently 
B j must be proportional to the intensity of magnetization I, so we can 
write Bj = (1 7) I where 7 is a constant. Hence, as B — I — F, 

= ( 71 - 3 ) 


Adding (71-1), (71-2) and (71-3) we find for the total electro- 
magnetic force per unit volume 

^e=-'7(EXB)+V- (DE + BF) 
c at 

- | V(£ 2 + F 2 ) - §V (aP 2 + yl 2 ) . (71-4) 

From this we find for the electromagnetic force on the free charges 
and the material medium lying inside a fixed volume r 


CtC E = - ~ J jM E X B dr + J (ED + FB) d<y 

~ if (F 2 + F z )d<r — l f («P 2 + yl z )dcr. (71-5) 


This expression is valid for any kind of medium or body, no matter 
what constitutive relations may exist between D and E and between 
B and F. 
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However, it must be borne in mind that (71—5) gives only the 
electromagnetic force on the matter located in the volume r. There- 
fore it represents the total force only in the case that no mechanical 
forces, even though they be of ultimate electromagnetic origin, are 
acting. The total force on a body such as a permanent magnet, for 
instance, is obtained by evaluating (71-5) over the region enclosed in 
a surface lying just outside the body only when the exterior medium 
is empty space. Then, since P = I = o and D = E, F = B every- 
where on the surface <r, 

i jf E x ~Bdr + J (EE + BB)-d<r — § J {E 2 + B 2 )da. 

(71-6) 

If, on the other hand, the body is immersed in a fluid, the field 
exerts forces on the fluid elements which in turn are transmitted to 
the body in the form of mechanical stresses on its surface, and the 
force due to these stresses must be added to the electromagnetic force 
(71-5) to find the total force. To deal with problems of this kind we 
shall find the electromagnetic force &e/ on a homogeneous region of 
an isotropic fluid of permittivity k and permeability ju, in which no 
free charge or current is located. As V-D and V-B both vanish, 
(71—4) gives for the force per unit volume 

I ^ 

= — ” (E X B) — |- kE- VE -J— /jlF m VF 

- |V(£ 2 + F 2 ) - JV(aP 2 + y/ 2 ). (71-7) 

But, since V X E + B jc = o and V X F — t>/c = o, 

E VE = §VP 2 - - B X E, 

c 

F-VF - *V.F 2 + - i> X F. 

C 

Hence 

&B, = (E X B) + VE 2 i^VF 2 - |v («P 2 + yl 2 ) 

= - (DXB) - - I; - (E X B) + |V(D E + B-F) - Jv(£ 2 + F 2 ) 
c dt c dt 

- \-V( a P 2 + yl 2 ), (71-8) 
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which vanishes, as it should, when k = /jl = i. If, now, the homo- 
geneous portions of the fluid medium are at rest in the observer’s 
inertial system, as we shall assume, this electromagnetic force must 
be balanced by a mechanical force The total zero 

force per unit volume, then, may be expressed as the sum of and 
Using (71-4) for we get by addition 


o = ^ + Ji=--7{DXB)+V.(DE+BF) 

C at 

— (15 • E -f- B * F) . (7 1-9) 


This agrees with (70-2), which, since it represents the force per unit 
volume on the free charge in a homogeneous medium, must vanish 
in regions where no free charge is present. Not only does this 
agreement furnish a check on the reasoning in the present article, but 
it shows us that the total electromagnetic linear momentum per unit 
volume in the homogeneous portions of the fluid medium is given by 
the same expression (70—11) as was found in the case discussed in the 
last article. 

The mechanical force on any portion t of the homogeneous medium 
is obtained by integrating the negative of (71-8) over r. It is 


= 


- - 4 f EXBdr - % f { (* - i)E 2 +(jx- i )F 2 \d<r 

C ut J. mS QT 

+ h f («-P 2 + yP)d<r 

nS cr 

--4 f DXRir+-7 f EXM-I f (E-D+F-B)<&- 

c dt J r c dt J T J a 

+§ f (E 2 + F 2 )Jv + if (<*P 2 + y/V<t, 


the surface integrals representing a hydrostatic tension over the sur- 
face a. This mechanical tension is, of course, transmitted through 
the boundary without diminution. Therefore the total force on any 
body immersed in a homogeneous isotropic fluid is obtained by adding 
to (71-5) the three surface integrals in the expression for CKm* pro- 
vided the surface a is located in the homogeneous fluid just outside the 
body, so that D = kE and B = juF, where k and /x refer to the homo- 
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geneous portions of the fluid. This gives for the total force on the 
matter inside the surface cr 




= ~ L 7 f : 

c dt J r 


f. 


EXB dr+ / (ED + FB) • do- 


f (E D + F B)d<r. 

*s<r 

(71—10) 


It should be noted that the surface integrals in (71—10) are identical 
with those in (70—3) and therefore that the stress system is specified 
by the same dyadic (70— B). 

We are almost always interested in cases where the field inside the 
body on which we wish to calculate the force is either static or, if 
radiation is passing through the body, the mean value of E X B does 
not change with the time. In such cases (71—10) reduces to 



(ED + FB )-dtr - 



(ED + FB )d<r. 


(71-11) 


We shall now make a few applications of (71-11) to static fields. 
First consider a charge qi distributed through a small sphere in such 
a way that the charge density is a function of the distance from the 
center alone. We shall suppose this sphere to be immersed in a 
homogeneous dielectric fluid of permittivity k of great extent. Then 
(62-1 la) gives for the electric intensity at a point P outside the sphere 
at a distance R from its center, 


E 0 


gi 

4-TTkR 2 


We shall place at P another similar sphere of radius a very small 
compared with R, having a charge q 2 . In the neighborhood of P we 
can consider that the field due to q u before q 2 is placed in position, is 
uniform and equal to E 0 . Now consider the field in the dielectric 
near q 2 after q 2 has been placed in a cavity of radius a at P. As 
shown in article 63, the scalar potential $ must be a solution of 
Laplace’s equation. If r is the radius vector from the center of q 2 
and 6 the angle which it makes with the line drawn from q x to q 2 , the 
appropriate solution of Laplace’s equation is 


3* = — EqT cos 0 -f ? 

47 XKV 

provided the radius of qi is small compared with R , for then this 
potential yields for the electric intensity the superposition of the 
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field Eq due to q x and the field qn/ due to q 2 . For r 

COS « + . 

- - (jS)r- a - - Sm 


a we get 


4-TTKa 


The radial tension on a surface <x lying just outside q 2 is, then, 
= (/c/a)(£ r 2 — E 2 )^ and the shear in the direction of increasing 
6 is S^q — KE r E e . "" 

Therefore the repulsion exerted by q± on q 2 is 


cos 6 — sin Q)iTra 2 sin 6 dd — q 2 Eo 


47 r/cr 2 


(71-ia) 


Our analysis, although only approximate for spheres of finite 
radius, approaches exactness as the radii of the two spheres become 
smaller and smaller compared with the distance R between their 
centers. Therefore we may conclude that the force between two 
point charges immersed in a homogeneous dielectric fluid is given 
exactly by (71-12,). But the reader must be warned that this for- 
mula does not , in general, lead to the correct force between two cxtcjidcd 
distributions of charge hnmersed in a homogeneous dielectric fluid , as 
will be illustrated by a problem investigated later in this article. 

Next consider a charged conductor immersed in a homogeneous 
dielectric fluid. As the surface of the conductor is an equipotential 
surface, D and E in the homogeneous medium just outside must be 
normal to the surface. Therefore the stress specified by (71-11) is 
the pure tension 



Furthermore, the equation V D = p requires that D be equal to the 
free charge p a per unit area on the surface of the conductor. Hence 
we may write (71-13) in the form 

= \poE — p a 2 . (7I-I4) 

*2 K 

Let us suppose that the charged conductor is a sphere of radius a lying 
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in a uniform external field E<> If r is the radius vector from the 
center of the sphere to a field-point in the medium, and 6 the angle 
which it makes with E 0 , the appropriate solution of Laplace’s equa- 
tion to represent the potential outside the conductor is 

^ A 

$>= — £ 0 l I— ~r*) r C ° S 6 ~r J 


since this function is constant over the surface of the conductor and 
leads to the uniform field Eo at great distances. As the field just 
outside the conductor is 

/ d&\ A 

E r = — ( — ) = 3 e o cos 6 H 2 

\dr / r=a a 

we have, from the boundary condition (62-16), for the charge per 
unit area on the surface of the conductor, 

kA 

Pa — 3 k Eq cos 6 H — 2~ 3 

a 


from which it follows that the total charge on the sphere is Q = 471 -kA. 
The tension on the surface of the conductor is 




K 

2 


1 3E0 cos 6 + 


Q 

47 vkcE 


2 


from (71—13). From symmetry it is clear that the resultant force 
is in the direction of E 0 . If i is a unit vector in this direction. 



cos d da = <2Eq, 


(7 1-1 5) 


which is the same as if the conductor were located in the field E 0 in 
empty space. 

Now take the case of a straight wire of radius a carrying a steady 
current i and immersed in a paramagnetic fluid in which there was, 
before the introduction of the wire, a uniform magnetic force Fo at 
right angles to the wire. In this case we look for a solution of (65—9) 
in the homogeneous fluid from which we can obtain F by (65—8). As, 
however, (65-8) and (65-9) do not hold in the wire, we must solve 
the problem in two steps, first finding the field in the medium as 
modified by the presence of the cylindrical cavity in which the wire 
lies, and then superposing the field produced by the current. 
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Evidently cylindrical coordinates r, 0, z are indicated, with the 
Z axis along the wire and 0 measured from the direction of Fq. We 
can satisfy the boundary conditions by taking the solution 


<1 > 0 = — Fq r cos 0 + 



cos 0 


of Laplace’s equation for the magnetic potential in the medium, and 

<E>i = Ai r cos 0 

in the cavity. Determining A 0 and Ai by (62-16) and (62-17) we 
have 

$0 = — ( 1 + — r- ; ^5) F 0 r cos 0, 

\ m + i rv 



1 /x 

M + I 


r COS 0. 


Superposing the magnetic field of the current, we have for the two 
components of the magnetic force in the homogeneous medium just 
outside the wire 


F r = 
F e = 


fs< K\ 

2 

\ dr J r=a 

H 1 


i 

— H 

\rdd / r==a 

'iitac 


Fq COS 0, 


2 At j-, . _ - * 

/7 0 sm 0 _| 

ju I inac 


Let i and j be perpendicular unit vectors in a plane at right angles to 
the wire, i having the direction of F () . Then, if we apply (71— 11) 
to obtain the resultant force on a unit length of the wire. 




r 

u 


(j F r cos 0 — F e sin 0) + j(F r sin 0 F e cos 0) \ F r a dd 


/ 

*^0 


2rr 


Av- Fo 

= 7 = -1 X B 0 , 


(F r 2 + F g 2 )(i cos 0 -h j sin 6 )add 

(71-16) 


where B 0 = yuE 0 is the magnetic induction in the homogeneous fluid 
before the introduction of the wire and i = hi is the vector current. 
It is interesting to note that this is just the force the current would 
experience in the field B 0 in empty space. Equation (71—16) is valid 
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whatever the angle between i and Bq may be, since a magnetic field 
parallel to the current exerts no force on the wire. 

In the examples investigated so far, we have calculated the force 
on a body immersed in a homogeneous fluid by evaluating the surface 
integrals (71— n) over a closed surface just outside the body. When 
the force is due to radiation impinging on the body, it is generally 
more convenient to transform these surface integrals into a volume 
integral over the entire homogeneous fluid outside the body. To do 
this we integrate (71—9) over the volume r (Fig. 69) between a surface 
<r with outward drawn positive normal lying in the homogeneous 
medium just outside the body B and a second surface 2 so far distant 
as to enclose the entire radiation field. Then, when we convert the 
last two terms in (71—9) into surface integrals, the integrals over 2 
vanish as E and F are zero there, and, as the positive normal to <r is 
inward drawn with respect to r, we get 

0 = _ If! / D x a, T _ (ED + FB ) + J J (E-D +F-B)<*r. 
Adding to (71—11), the force on B is found to be 

— h it jT d x b ^ t (7I-I7) 

N 




Fig. 69. 


integrated through the entire homogeneous fluid lying outside B. As 
this equation is identical with (70-4), we can attribute the electro- 
magnetic linear momentum (70—11) to the radiation field and employ 
the law of action and reaction to find the force on the body B. 

The surface of discontinuity between two homogeneous isotropic 
fluids is not generally in equilibrium under the action of the stresses 
specified by (71-11). To illustrate this fact, let MN (Fig. 70) be the 
surface of discontinuity separating two fluid dielectrics of permittivi- 
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ties ki and k 2 • To find the stress on the surface we integrate (71—1 1) 
over the surface of the pill-box ABCD of unit base. Denoting com- 
ponents in the directions of the unit vectors Hi and ti, parallel respec- 
tively to the normal and to the tangential components of the field, by 
the subscripts n and /, 

S? — n l { \(E 2 n D 2n “ E 2 t D 2 t) ~~ i(Ei n Di n ~ E u Du) } 

+ ^\{E 2 tD 2n — EitE>\ n }. 

Using the boundary conditions D 2n = £>i n , E 2t = E Ui we see that 
the tangential stress vanishes and the normal tension may be written 



Therefore the surface tends to move from the dielectric of higher per- 
mittivity into that of lower permittivity. This phenomenon is 
known as elect?~ostriction. If we put k 2 = 1 we find that the tension 
on the free surface of a dielectric is ^E 2 2 (i — i/ki) when the lines of 
force are normal to the surface, and ^E 2 2 (ki — 1) when the lines of 
force are tangential to the surface. The effect of these stresses on 
a solid dielectric is to urge it from the weaker toward the stronger 
parts of the field. 

Now we shall calculate the electromagnetic torque on the free 
charges and the material medium lying inside any fixed volume r. 
Following the analysis used in deriving (70—21) we get for the volume 
integral of the vector moment of the electromagnetic force (71—4) 
about any fixed origin O: 


^ r X = — — — ^ T X (E X B )dr -f- ^ (E X D ~\~ F X B)*/r 

+ / r X (ED + FB) d<y - f (E 2 + F 2 )r X d<r 

+S a a 



(< 0iP 2 + yl 2 )r X di T. 


This does not, however, represent the total electromagnetic torque, 
for, in addition to the torque of the electromagnetic force, there 
is a couple p# X (E — Ep) on each electric dipole and a couple 
pj/X (B — Bj) on each Amperian circuit. The first gives rise to a couple 
P X (E — aP) = D X E per unit volume, and the second to a couple 
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I X (F - 7I) = B XF per unit volume. Therefore we must add 
J* (D X E + B X F)dV to the torque of the electromagnetic force 
to obtain the total electromagnetic torque 

f r X (E X B)^r + f r X (ED + FB) -da 

0 & ft t/ j- +S 0" 

-4 / (E 2 + F 2 )r xd<r- §jf {aP 2 + yl 2 )r X da. (71-19) 

Like (71-5) this expression is valid for any kind of medium or body, 
no matter what constitutive relations may exist between D and E 
and between B and F, but it gives only the torque of immediate elec- 
tromagnetic origin. 

To find the mechanical torque on any homogeneous portion r 
of an isotropic fluid in equilibrium, we must integrate the vector 
moment of the negative of (71-8) over r and add the negative of the 

couple J (D X E + B X F)^t. This gives 

3?m — ~ ~~t f r X (D X B)dr + - -j f rX(EXB)* 

C dt T C Cit 

+ I (E X D + F X B)^t ~ hj (E-D + F-B)r X da 
+ i f (£ 2 + F 2 )t Xda + % f ( aP 2 + yl 2 )r X da. 

•^(r *s<r 


As the portion of the mechanical torque represented by the surface 
integrals is transmitted undiminished through the boundary, the total 
torque on any body immersed in a homogeneous isotropic fluid is 
obtained by adding to (71—19) the three surface integrals in the 
expression for ££m-> provided , as before , that the surface a is located in the 
homogeneous fluid just outside the body. Then the total torque on the 
matter inside <r is 


SB - - “ J r X (E X BVt +f r X (ED + FB) • da 



-h F*B)r X dcr. 


(71-20) 
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We are nearly always interested in cases where the field inside the 
body is either static or, if radiation is passing through the body, the 
mean value ofE X B does not change with the time. Then (71—20) 
reduces to 



r X (ED + FB) d<y - 



(E D +F‘B)r Xd<r, 


(71-21) 


which is just the torque of the stress system defined by (71— 11). 

We shall give a couple of illustrations of the use of (71—21). First 
consider two permanent magnets M and M' (Fig. 71) in the form 
of uniformly magnetized spheres of radii a and a ' respectively, which 
are immersed in a homogeneous fluid of permeability jn, the distance 



R between the centers of the magnets being large compared with the 
radius of either. We shall calculate the turning couple exerted by 
M on M f when the magnetic axes of the two magnets are perpendicu- 
lar, as indicated in the figure. 

First consider the field due to M at a point P in a surrounding 
homogeneous medium of great extent. If we use spherical coordi- 
nates r, 9 , <t> with origin at the center O of Af, the boundary conditions 
at the surface of the magnet can be satisfied by taking the solution 


= Ai r cos 6 


of Laplace’s equation for the magnetic potential inside the magnet, 
and the solution 


*0 


A 0 


cos 9 


for the magnetic potential outside. If / is the intensity of mag- 
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netization of M the boundary conditions are 



from which we find the values of Ai and A Q , getting in the case of the 
latter, A 0 = a 3 !/ (‘in + i). As I = 3^r /471VZ 3 , where pH is the 
moment of the magnet, this gives for the magnetic potential outside 
the magnet 

x PH n 2/i + i 

3> 0 = cos 6 , y = (71-2.2) 

• 4 iryr 3 

The magnetic force at the point O', where we are going to place the 
center of M r , is therefore 

in the direction of the line OO' . As R is large compared with a' , 
we can consider that M' is placed in a uniform field of this magnitude. 

Now we turn our attention to M ', introducing a set of axes X'Y' ZJ 
with the X ' axis parallel to OO' and the Y f axis to Af '. With 0' 
as origin and O' Z’ as polar axis, we locate a field-point by the spherical 
coordinates r', 0', 4>\ the azimuth <£' being measured from the X' Z’ 
plane. The solutions of Laplace's equation appropriate for the mag- 
netic potential inside and Qf outside Af ' are 

3>/ = A\i r' sin 0' sin <£' + A ' 2 i r' sin 6' cos <£', 

yf' yf' 

3>«/ = — ^ sin 6' sin <f>' — FqA sin 0' cos <£' H Jr sin 0' cos <j>', 

r r 


the term in 3? 0 ' containing jPo satisfying the boundary condition for 
a' <3C r ' <3C f?. If /' is the intensity of magnetization of Af', the 
boundary conditions at the surface of the sphere are 



+ /' sin 0' sin <j>' 




y 



33V 

r' sin d'd<f> 



—a f 
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These give 

A \ 0 = 


a 


3 r 


pa' 


A'zo = - M . 1 a' s F, 


0> 


2/x -f- I 47TY 2jU + I 

where pH is the magnetic moment of M Consequently 


= 




4 x*yr 


72 sin 0' sin <t>' — \ 1 + — -75 sin 0' cos <f>'. (71-24) 

The turning couple experienced by M r is clearly about the Z' 
axis. Hence we need only the shear j and, as the lever arm 
is r' sin 6 ', the torque is 

-SS' = M f* f'~,~ V sin e')(r '2 sin 6 ' d 0 ' d*') 

J 0 Jo dr r sm 6 d<j> 


i a 


/3 



Finally, putting in the value of F 0 given by (71-23) we have 



( mV ^PhPh 
\y/ 4-TTfjijR? 5 


7 = 


1/JL -J- I 

3 


( 7 1-2 5 ) 


It may be noted that the factor (m/t) enters once in the expression 
(71—23) for the magnetic force Fq , and again in the expression for the 
torque in terms of F 0 .* The coefficient 7 is a shape coefficient in that 
the value which we have found for it is valid only for spherical 
magnets. In the cases of prolate or oblate spheroids different coef- 
ficients appear. 

Last, consider the symmetrically magnetized perm ane nt magnet 
M (Fig. 72) in the form of a solid of revolution with OZ as axis to 
which is rigidly attached the conducting side-arm QP. A current i 
enters the system at P and leaves at a point R on the axis. The region 
outsid e th e magnet is empty space. We shall calculate the torque 
about OZ on the magnet and side-arm. 

To do this we calculate the torque due to the stresses on any 
closed surface of revolution passing through P and R, such as that 


* Some texts give the expressions qq' /nr 2 and mm' / nr 2 for the force between two 
charges q and q' immersed in a dielectric fluid and two poles rn and m f immersed in a 
permeable fluid, respectively, as fundamental laws of electrostatics and of magneto- 
statics. While these expressions are valid for point charges and for point poles, the 
correct solution of the problem under consideration shows that they do not hold in 
general for extended distributions of charge or of magnetism, and therefore they 
should never be cited as fundamental laws. 
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R t. 


represented in section by the broken curve. Let H n be the normal 

component of the magnetic in- 
tensity at any point on this 
surface, and H+ the tangential 
component in the direction of 
increasing azimuth <f> measured 
about the Z axis. The shear in 
the direction of increasing <j> is 
H n H$ and, if r is the distance 
from the Z axis, the moment of 
this shear is rH n H If, then, d\ 
is an element of the periphery 
of the longitudinal section of the 
surface of integration, 



Fig. 72. 


= J'J'r 3 H n H 4 , d\ d<t> 


where <f> is to be integrated from o to iir and X from O to R. Now we 
can express H n as the sum of the field H n m due to the magnet and the 
field Hn due to the current, and similarly with H+. Hence 

J52 = Jj" r z H n m HJ'd\ d$ + JJ r 2 W„VVVX d<t> 

+ JJ r 2 H,rHjd\ d(j> + JJ r^HjH/dX d<t>. 

The first and second integrals vanish as H — o, and the fourth is 
evidently inappreciable. Therefore, since H n m is not a function of <f > 7 

/ R s* 2 tt 

H n m rd\ / Hjrd<t>. 


From (62—12^) 

/ 2tt 

Hjrd<t> = 
Consequently 


- for points on the periphery between P and R y 
c 

o for points on the periphery between 0 and P. 




. /• R 

= f H n 

I'KCjp 


m iTrrdX . 


The integral is equal to the magnetic flux through the portion PRS 



ELECTROMAGNETIC WAVES 


297 


of the surface, or, by virtue of the equation V *B = o, to the flux jV 
of induction through the plane section PS at right angles to the Z 
axis. So, finally. 



lire 


(71-26) 


This formula has been verified experimentally. 1 It may be 
obtained directly from the force equation by calculating the torque 
exerted on the current in the magnet and side-arm by the magnetic 
field. This torque is transmitted by the electrons constituting the 
current to the mechanical system. It should be noted that the torque 
on the side-arm is in the opposite sense to that on the magnet, and 
that the total torque approaches zero as the length of the side-arm 
increases without limit. 

72. Electromagnetic Waves in Homogeneous Isotropic Media. — 

In a homogeneous isotropic medium for which D = kE and B = juF 
and in which no free charges or currents are present, the field equa- 
tions (62—12*3:) to (Si-iid) become 

V -E = o, (*) V F = o, (b) ' 

IX • K • ( 72 - 1 ) 

V x E = - - F, (e) V X F = - E. (d) 
c c 


To eliminate F combine the curl of ( c ) with the time derivative of (d) 
getting 

« KlLl •• 

V XV X E E. 

c 2 


Expanding the double curl and using ( a ), this becomes 


v-ve = ^£, (72-2) 

and similarly, if we eliminate E, 

V-VF = -^F. (72-3) 

These are equations of a wave traveling with the phase velocity 

V = C /'s/ KfX. 


Equations (yi-ia) and (72-1^) show that E and F are solenoidal 

1 Zeleny and Page, Phys. Rev. 24, p. 544 (1924). 
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vectors. Therefore any solenoidal solution of (72—2) represents the 
electric intensity in a possible electromagnetic wave, or any solenoid 
solution of (72—3) the magnetic force. These two vector functions are 
not independent, however, but must satisfy the first order differential 
equations (72— ic) and (72— icf). If one of these is satisfied, the other is 
satisfied automatically. 

A convenient method of obtaining solenoidal solutions of (72—2) 
or (72—3) is to obtain first three solutions 3>i, <E>2, $>3 of the scalar wave 
equation 

V -V3> = - 2 $, us -7=- (7 2 -4) 

Then the vector 


V = z3> x + 7^2 + feSg 


is a solution of the vector wave equation (72—2) or (72—3). Although 
this solution may not be solenoidal, such vector functions as V X V 
and V X V X V formed from it are solutions of the vector wave 
equation which are necessarily solenoidal, and therefore may represent 
E or F in a possible electromagnetic wave. 

If the wave is simple harmonic with frequency v = co/ 27 t we may 
write 

V = U (x,y,z)e~ iut 

where TS(x,y,z) may be complex, understanding that the physical 
quantity represented by V is given by the real or by the imaginary 
part of this complex vector function. As differentiation of V with 
respect to the time is equivalent to multiplication by — ioo and inte- 
gration to multiplication by i/( — ioo) — i/co, we see from (72—1 c) 
that if we take VX V for the electric intensity we have 

E = V XV, F=— — V XV XV, (72-5) 

JUCO 

and from (72-icf) that if we take V X V X V for the electric intensity 

E = V X V X V, F — V X V. (72-6) 

c 

Therefore, except for the constant factors, the one case is obtained 
from the other simply by interchanging the roles of E and F. 
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(I) Plane Waves . We shall apply the method outlined above to a 
plane wave advancing along the X axis. Then (72-4) becomes 


d 2 $> 1 d 2 ® 

dx 2 ~ ? ~bF ( 7 2 ^ 7 > 


of which the desired solution is <$(.*; — vt) where <3? is an arbitrary 
function. Hence 


V = — vt) + j<I>2 (x* — vt ) + k&$(x — vt), 

and, if we take V X V for E to obtain a solenoidal solution of (72—2), 

E = jf(x — vi) + kg(x — vi), (72-8) 

where/ and g are the derivatives of — <£3 and <J> 2 with respect to their 
arguments, respectively. Similarly 

F = jh(x — vi) + ki(x — vt) 

is a solenoidal solution of (72-3). But substitution in (72-1 c) or 
(72-1^) shows that h = — a/ k/ix g and i = y/ k/h /, so that 


F = 



vt) 4- k 



f(x — vt). 


(72-9) 


Equations (72-8) and (72-9) show that E and F are perpendicular 
to the direction of propagation and at right angles to each other in 
such a sense that E X F has the direction of propagation. The 
electric and magnetic energies per unit volume are respectively 


- “ (/ 2 + £ 2 )> 


(72-10) 


"// =^ 2 =^(/ 2 +£ 2 ). 

We note that ue — uh. The flux of energy is 

s = cE X F = ic yj- (/ 2 + g 2 ) = iuk (/ 2 4- g 2 ) = ivu (72-11) 


per unit cross-section per unit time, where u =Ue 4" uh is the total 
energy per unit volume. 

The two arbitrary functions / and g in (72-8) and (72—9) corre- 
spond to the two independent states of polarization of a solenoidal 
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wave. In each state the electric and magnetic vectors are in phase. 
We note that the relation between the electric and magnetic vectors 
implied in (72-8) and (72-9) can be expressed by either of the vector 
equations 

F = - X D, E = — - X B, (72-12) 

C c 


where v is the vector velocity of propagation. 

To express the argument x — vt of E or F in a form independent 
of the orientation of the axes we introduce the wave-slowness S, a 
vector having the direction of propagation and a magnitude equal to 
the reciprocal of the phase velocity. Then, if r is the position vector 
of the field-point x 3 y 3 z, we have 

x — vt = v(Sx — t) = u(S*r — /). 

As the two states of polarization are independent, we need con- 
sider only one, and may write 

E = E 0 /(S ■ r - /), 

F = F 0 /(S-r - /), Fo = -SX E 0 , 


(72.— 13) 


where E 0 is a constant vector perpendicular to S. If the wave is 
simple harmonic the electric and magnetic vectors are usually most 
conveniently represented as the real parts, or the imaginary parts, of 
the complex quantities 

E = E 0 e ia,(S ’ r_<) , 

F = Foe iw(S ‘ r “°, 


(7 2 — 1 4 ) 


respectively, where the amplitudes E 0 and F 0 may be real or com- 


Y 

1 



Fig. 73. 


plex, and the angular frequency co is 
equal to Itt multiplied by the true fre- 
quency v. 

Let us calculate the radiation pres- 
sure on a slab MN (Fig. 73) with 
X parallel faces, immersed in a homogene- 
ous isotropic fluid, on which radiation 
in the form of plane waves impinges at 
the angle of incidence </>• Let p r be the 
fraction of the incident energy which is 


reflected, and pt the fraction transmitted. If Ui is the energy density 
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of the incident beam, the electromagnetic momentum in this beam is 
vuiKn/c 2 = Ui/v per unit volume from (70—13) and (72—11). Simi- 
larly the electromagnetic momenta in the reflected and transmitted 
beams are respectively p r tti/v and ptUi/v per unit volume. Hence 
the components of the force per unit area on MN are 


— — (1 + p r — pt)Ui cos 2 <£, 

Sfy = — (1 — Pr — Pt) u i sin <t> cos <f > , 


(7^5) 


The negative sign in the first of these indicates that the normal 
force ^ is a pressure. Its magnitude is greatest when all the imping- 
ing energy is reflected and the incidence is normal. Since 1 — p r — Pt 
is the fraction of the energy absorbed, the tangential force 6 /^ is pro- 
portional to the absorption. 

If radiation of the same intensity is incident at all angles on a 
perfectly reflecting surface, the energy diii incident at angles between 
<f> and <f> + d<f> is 

dui — \u sin cj> d<f > , 


where u represents the total energy density. In this case 




7r/2 

cos 2 <f> sin 4 > d<t> = — \n y 


1 



o. 


(72-16) 


(II) Spherical Waves. We look now for a scalar solution of the 
wave equation which is a function of the radius vector r alone. In 
this case (72-4) becomes 


from (19—12). 


d 


~2 M*) 


I d‘ 


5 (Hf9 


dr * ' ' v 2 dt 2 

The general solution is 

= —j\{r — vt) 4 / 2 (r + vt), 

r r 


(72-17) 


(72-18) 


the first term representing a wave diverging from the origin and the 
second a wave converging on the origin. We shall confine our discus- 
sion to a simple harmonic wave diverging from the origin, taking 

<t> = — 


r 


(72-19) 
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where os is the angular frequency, and t = as/v — i-sr/\, where X is 
the wave-length. 

Putting V = i& we may take either V X V or V X V X V for the 
electric intensity in a possible spherical electromagnetic wave. We 
shall discuss each case, treating first the wave described by (7 2-6), 
as it is the more important. As V satisfies the wave equation 
V-W = (i/v 2 )V, 

I d 2 V 

E=VXVXV = W-V-V-t 

v di 

__ T7 • 1 d 2 3> 

dx v 2 dt 2 

Using spherical coordinates r , 6 , <£, where Q is the angle which the 
radius vector makes with the X axis, 

d<& d® f 1 i € 1 

— = — c°s fl = c°s S ^ e ' ( "— 

and the components of E in the directions of increasing r, 6 , <f> are 

Kr = A cos 6 ^ } eK'—> 

— A cos 6 i^gCOs ( tr — os/) -1- — ^ sin ( er — to/) J , 

E„ = A sin 6 

r 3 r 2 r J 

cos (er — co/) -f- E sin (er— co/) J , 

E <t> = o, 

where, in the final expressions for £ r , £*, E we have written explicitly 
the real parts of the complex values. 

At a distance from the origin very small compared with the wave- 
length X = iTvf e, 

lA cos c 0/ 

= o cos 0, 

r d 

_ cos oot . 

E e = ^3 Sin 0, 

E# = o. 


= ^ sin 6 


C--t) 
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Comparing these equations with (58—11) we see that the source may 
be a charged spherical shell with oscillating electric moment 

Pe ~ Poe cos c ot, Pqe = 4 iryA, (72.— 21) 


along the X axis, where y ss (2 k + i)/3 by analogy with (71-22). 

Using (19-11) for the curl in spherical coordinates, we get from 
(72—6) for the components of F 


F r =0, 
Fg = O, 


F* 


i/cco f 5 d . .1 

(— r<I> sin 0) — — ( 3 > cos 0) r 


cr l dr 
\ku>A . 


50 


sin 


0 * +- e^-"* 


’ it 


— yf sin 0 | sin (er — «/) — — cos (er — w/) 


(72-22) 


At a great distance from the source the components of E and F 
of dominant magnitude are 

,2 


XT' p0E^ ' r\ f j\ 

JtLg = sin 0 cos (er — c ot). 


47ryr 




k Poe 

^ fl A "TT-'V 


ju 47 nyr 


sin 0 cos (er — to/). 


(72-23) 


These components constitute the radiation wave. It should be noted 
that the wave is polarized with the electric vector in the plane deter- 
mined by the direction of oscillation of the source and the radius 
vector r, and with the magnetic vector perpendicular to this plane. 
The amplitudes of both vectors are proportional to sin 0, showing that 
the radiation emitted in the direction of oscillation is zero, and at 
right angles a maximum. On account of the factor e 2 , the amplitude 
of each vector varies inversely with the square of the wave-length 
for a given Poe- 

The time rate of radiation is obtained by integrating the Poynting 
flux cEgF# over the surface of a sphere of radius r. It is 


c 


67 ry 


2 



(72-24) 
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To treat the wave described by (72,-5) we take the three expres- 
sions (72.-20) for the three components of F. Then, in accord with 
(72—5) and (72—6), the three components of E are given by the three 
expressions (72-22) multiplied by —h/k. The field close to the 
origin, therefore, is that of a uniformly magnetized sphere with oscil- 
lating magnetic moment 


pH = Poh cos cot, pQH 4x7 A, 

where y = (2/x + i)/3- The radiation field is 


J 4 > 


» 1/ 


Poh ^ 


k 47 xyr 
2 


sin 6 cos (er — cot). 


F a - 


Poh e 


47ryr 

and the time rate of radiation is 


sin 6 cos ( er — cot). 


6'iry‘ 


' K 


p\h£ cos 2 («r — cot). 


(72-25) 


(72—26) 


(72-27) 


The field (72—23) is typical of that radiated from an oscillating 
spark gap or a straight antenna, whereas (72-26) represents the 
radiation from a closed circuit or loop of oscillating magnetic 
moment pjj. 

73. Waves Guided by Perfect Conductors. — As the electric 
intensity vanishes everywhere inside a perfect conductor, electric 
charge can reside only on its surface, and, as the tangential component 
of the electric intensity is continuous at the surface, the resultant 
electric intensity just outside the conductor must be normal to the 
surface. We shall limit ourselves to simple harmonic waves guided 
by straight conductors immersed in a homogeneous isotropic medium 
for which D = kE and B = pF. 

(I) Parallel Planes. First we shall consider plane waves traveling 
in the X direction in a homogeneous isotropic non-conducting medium 
filling the space between two perfectly conducting planes y = o and 
y — a. In this case <3? i s not a function of z and the wave equation 
(72—4) becomes 

d 2 <& d 2 3 ? 1 d 2 <£ c 

dx 2 by 2 v 2 dt 2 5 V \/km ^ 

The type of wave in which we are interested is of the form 



3°5 


WAVES GUIDED BY PERFECT CONDUCTORS 


^ ® • Substituting in (73“t) we find that Y(_y) must 

satisfy the equation 


<PY 

dy 2 


+ m 2 Y 




(7 3-2) 


where l 2 m 2 = co 2 /u 2 . 

First consider the solution for which m = o. Then / 2 = co 2 /v 2 , 
giving for the phase velocity a ;// = u, and we have the simple plane 
wave discussed in the last article. Corresponding to the two inde- 
pendent states of polarization we may have 


E = kAe i(lx ~ wt) - kA cos (lx - to/) , 
or 

E = jAe ia *~ wt) - jA cos (/* - «/). 

As the first solution does not satisfy the boundary conditions imposed 
by the presence of the two conducting planes, only the second can 
exist. 

But other solutions of (73-2) may be found. If m is not zero, 
we may have Y = cos (my — 5), and 


(73-3) 

(73-4) 


= A cos (my — 8) e 1 , 


which represents a wave traveling in the X direction with phase 
velocity 


co 

7 



(73-5) 


greater than v. Putting V = i*cf> as before we can get a solution satis- 
fying the boundary conditions from both (72-5) and (72-6). The 
first gives 

E = kA m sin (my — 8) c i(lx ~ wi) = kAm sin (my - 5) cos (lx — co/). (73-6) 

If we make 5 = o and m — kir/a, where k is an integer, E vanishes 
for both y — o and y = satisfying the boundary conditions. Simi- 
larly the second gives 

E = Am { im cos (my — 5) — j\l sin (?ny — 8) Je 1 ^* - 
= Am\im cos (my — 8) cos (lx — co/) 

+ jl sin (my — 5) sin (lx — c 0/) } , (73-7) 
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which satisfies the boundary conditions provided 8 = ir/a and 

m = kiv l a. 

As / — 2 -tt/X, where X is the wave-length, we have in the case of 
either wave the relation 





2 


from l 2 + m 2 — oi 2 / v 2 . Since X must be real, and the smallest value 
of k is unity, this gives for the minimum frequency necessary to pro- 
duce the wave 


v 


63 c 

2-7 r 2 a'\/lqji. 


( 73 - 8 ) 


As this minimum frequency is approached the phase velocity (7 3—5) 
increases without limit. 

We can give a simple physical interpretation of these waves. 
Since 8 = o in (73-6) we can write this equation in the form 

E — h\Am sin (lx + my — <0 1 ) — h\Am sin (lx — my — 03 /), (73-9) 

showing that the wave motion is due to the superposition of two trains 
of plane waves traveling with the normal phase velocity v at angles 
with the X axis whose tangents are mfl and —mjl respectively. 
The first is reflected as the second at the plane y = a, and vice versa 
at the plane y — o. The abnormally high phase velocity (73—5) of 
the resultant wave is due to the fact that it represents the reciprocal 
of the component in the X direction of the normal wave-slowness 
S = 1 / v of each of the two component waves. Similarly (73—7) can 
be represented as the superposition of two trains of plane waves 
traveling with the normal phase velocity v by writing this equation 
in the form 


E = \Am { (im — jl) sin (lx + my — c ot) 

— (im jl) sin (lx — my — cot)}. (73-10) 

It should be noted that the electric intensity in each component wave 
is normal to the direction of propagation. In fact, the waves (73-9) 
and (73-10) differ only in their state of polarization. The first is 
plane polarized with the electric vector at right angles to the XY plane 
in which the directions of propagation of the two component elemen- 
tary waves lie, and the second is polarized with the electric vector in 
this plane. 
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Now let us introduce in addition to the pair of conducting planes 
y = 0j y = an additional pair 2 = o, 2 = b> and investigate electro- 
magnetic waves traveling in the X direction inside the tube of rec- 
tangular cross-section so formed. The boundary conditions on the 
components of the electric intensity are: E x = o forjy = 0, a and 2 = 0 3 b; 
E y — o for 2 = o, b; E g = o for y = o, a. Therefore neither of the 
waves (73—3) and (73-4) can be propagated along the tube, and of the 
waves (73—6) and (73—7) only the first can exist, that is the wave 

E = kAm sin my cos {lx — cot), (73—11) 


where m = kicj a. We may, however, have the analogous wave 

E = jAn sin nz cos {lx — c ct), (73—12) 


where n = kn/b. Here / 2 + w 2 = c o 2 /v 2 . 

Next we look for waves of the form < 3 > = Y{y)Z(z) e x<z *"" wi) repre- 
sented by solutions of the complete wave equation 


a 2 $> a 2 <i> d 2 $ 

dx 2 dy 2 ' dz 2 


I d 2 $ 
u 2 dt 2 ‘ 


(73-13) 


Substituting, and separating the variables, we find 


d 2 Y 

dy 2 


+ m 2 Y 


o. 


d 2 7 , 

dz 2 


+ n 2 Z = o, 


where l 2 + m 2 + n 2 = co 2 /u 2 . Therefore we may have 

3 ? = A cos {my — 5 ) cos {nz — e ) Q l( - lz ~ 0>t \ 

This wave function gives rise to two electromagnetic waves satisfying 
the boundary conditions. These are 

E = A{ —jn cos my sin nz + km sin my cos nz } cos {lx — to/), (73—14) 
and 

E = A\i{m 2 + n 2 ) sin my sin nz cos {lx — «/) 

— jlm cos my sin nz sin {lx — cot) 

— knl sin my cos nz sin {lx — cot) } , 


(73-15) 
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in each of which m = k\ir/a and n = Tr/b> where k\ and are 
integers. The minimum frequency necessary to excite these waves is 


V = 


Va 2 + b 2 


a\/ kjj. 


ab 


(73-i6) 


Each of these waves can be represented as the superposition of four 
plane waves traveling with the normal phase velocity v. 

(II) Circular Cylinders . First we shall consider a cable consisting 
of two coaxial cylindrical conductors, the space between being filled 
with a homogeneous isotropic non-conducting medium. Taking the 
X axis along the common axis of the two conductors, and using 
cylindrical coordinates r, <f>, x , the wave equation (72,-4) becomes 


I d_ / d®\ d 2 3 > _ i_ d 2 $> 

r dr \ dr ) dx 2 v 2 dt 2 


( 73 - 17 ) 


by (19-12), if the wave function 3 > does not contain the azimuth <£, 
as we shall suppose to be the case. 

We are interested in wave functions of the form R(r ) 
Substituting in (73-17) we find that R(r ) must satisfy the equation 


d 2 R 1 dR , 2 „ 


( 73 - 18 ) 


where l 2 k 2 — co 2 / v 2 . The solution applicable to the problem under 
consideration is that for which k = o and therefore the phase velocity 
co// = v. We get then 

& = A log r e 1 ^* - 


Next we put V = z<i> and use (72-6) for E and F. This gives for 
the non-vanishing components 


E r = i — e 

r 


: ~i (fcr— «i) = 


sin {lx — co/). 




- ■ 
* ix r 


i Qx — cot) 


'nr 


sin (lx — co/). 


(73-19) 


The li nes of electric force are seen to extend radially from the axis 
of the cable, whereas the lines of magnetic force are circles in planes 
at right angles to the axis with centers lying upon it. The charge 
per unit length on the inner conductor is 


Px — — ‘ 1 'kkIA sin (lx — co/) 


(73-20) 
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from (62-16), and that upon the outer conductor is equal in magni- 
tude but opposite in sign. The current, which has the opposite sense 
but the same magnitude in the two conductors, is equal to p x w. 

Equation (73-18) has, however, other solutions of much physical 
interest. If we put p =s kr in (73-18) this equation becomes 


d 2 R 1 dR 

dp 2 p dp 


+ R 




(73-2!) 


which is a special case of Bessel's equation 


d 2 R £ dR 

dp 2 p dp 



(73-22) 


We shall be concerned only with cases where n is a positive integer, 
including zero. Assuming a power series solution of this equa- 
tion of the form R = zla p p p we find the recurrence formula 

v 

( p 2 — n 2 )a p + Up— 2 = o, which gives a solution 


R = Jn(t>) 


~\ 

i n n ! L 


_j_ 


2(27/ + 2) 2.4(277 2) (277 + 4) 



known as a Bessel function of the first kind of order n. 
of (73-21), then, is 


R = Mp) » 



+ 


_ 2 2 
2 * 4 


Evidently 


7o'(p) ^ 

dp 


--Mp). 


The solution 


(73 -2 4> 

(73- 2 5) 


Consequently we obtain as another solution of (73—17), 

<l> = AJ u (kr) (73-26) 

where l 2 -t- k 2 — a; 2 / u 2 . The phase velocity along the X axis is 
given by 


03 

1 



V 


2.2 


k*V 


CO 


2 


(73-27) 


which is greater than u for real values of k other than zero. 
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Putting V = M> we shall discuss the two cases (72—5) and (71—6). 
For the latter 


Er = U/A/o'OWe^-" 0 = - Alkjo'(kr) sin (lx - «/), 

£* = o, 

E x = Jk 2 J 0 (kr) = Ak 2 J 0 (kr) cos (/# - orf), 

and 


■ (73“ 28 ) 


F r = o, 

JF* - Lf* ^ /o' (Jfer) e i(Za5 - wi) 
F, - o. 


KCO 


— /o' (&r) sin (/# — cat ) , 
c 


(73 -2 9) 


By a consideration of the boundary conditions we shall now show 
that this wave can be propagated inside a perfectly conducting tube 
of circular cross-section without the presence of an axial wire. As 
J 0 '(kr) = — krln for very small r, the electric flux through a cylin- 
drical surface of small radius r coaxial with the X axis is proportional 
to r 2 , and therefore vanishes as r approaches zero. Consequently no 
charge is required along the X axis to satisfy the divergence equation 
(62-12.#). In fact, as E x does not vanish for r — o, the presence of 
an- axial wire is precluded. However, / 0 (p), and therefore E x , 
vanishes for an infinite number of values of p of which the first three 
are 2.405, 5.520, 8.654. Hence we can terminate the electric field by 
means of a perfectly conducting cylindrical tube coaxial with the 
X axis of a radius a specified by any one of the zeros of /o(p)-* If po 
gives such a zero, the wave-length X = 27r//is related to the frequency 
v = oj/it by the equation 



obtained, from the relation / 2 + k 2 — co 2 /u 2 . As the smallest value 
of the argument which makes /o(p) vanish is 2.405, the frequency 
must be at least as great as 

2.405c i.i5(io) 10 

v = 7= — 7= — cm/sec (72-20) 

2tt# V kju a-y/Kp /0 0 ' 


* Of course, the wave may also be confined between coaxial cylinders of radii 
specified by any two of these zeros. 
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for the wave to be propagated along the tube. Hence for tubes of 
moderate radius very high frequencies must be employed. It fol- 
lows from (73—27) that the phase velocity increases without limit as 
the minimum frequency is approached. The type of wave under 
discussion is known as an “ Eq ” wave. 

As in the discussion of spherical waves in article 72, the wave 
described by (72-5) is obtained, except for a constant factor in one of 
the coefficients, by interchanging the components of E and F in 
(73—28) and (73—29). In this case, then, the boundary condition at 
the surface of the tube requires that Jo' (p) be zero. As the first zero 
of Jo'(p)y other than the value zero, comes at p = 3.832, the minimum 
frequency for propagation of the wave is 


3 - 8 3 2 <^_ 

27 ra \/ k/jl 


i.8 3 (io) 10 

a s/ K/x 


cm/sec. 


(73-3 0 


This type of wave is known as an “ Ho ” wave. 

The lines of electric force in the “ Eo ” wave are shown in Fig. 74# 
and the lines of magnetic force in the “ Ho ” wave in Fig. 74^. The 



Fig. 74. 


lines of force of the other field, in each case, are circles in planes at 
right angles to the axis of the tube. 

We have discussed merely the two simplest types of waves which 
may be propagated inside a conducting tube. The theory of these 
waves has been developed by Carson, Mead and Schelkunoff, 2 and 
by Barrow, 3 and confirmed experimentally by Southworth 4 for empty 
tubes and for tubes filled with water (k = 81). 

The fact that the phase velocity co/I of these waves is greater 
than u indicates, as in the case of the waves (73—6) and (73-7), that 
the resultant wave is due to the superposition of elementary plane 
waves traveling with velocity v at an angle with the axis of the tube 

2 Carson, Mead and Schelkunoff, Bell Sys. Tech. Jour. 15, p. 310 (1936). 

3 W. L. Barrow, Proc. I. R. E., 24, p. 1298 (1936). 

4 G. C. Southworth, Bell Sys. Tech. Jour. 15, p. 284 (1936). 
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and reflected back and forth from one side to the other. That this is 

the case has been shown by Page 
and Adams. 5 Since such elementary 
waves evidently must occur in pairs, 
we may conveniently take (73-6) 
and (73—7) as primary waves. Let 
Fig- 75 represent a cross-section of 
the tube. At a point P on the fixed 
Yo axis distant r from the axis O of 
the tube the electric intensity due to 
the wave (73-7) with 5 = o and k 
replacing m is 

E = Ak { ik cos ( kr cos 0) cos {lx — at) 



--^4- Yr 


+ jl sin {kr cos 0) sin {lx — cot ) } , 

since y = r cos 0, where 0 is the angle between the Y and Y 0 axes. 
Now suppose we have primary waves of this type of equal amplitude 
for all values of 0. Then, if we resolve along X, Y 0i Z 0 , the compo- 
nents of the resultant electric intensity at P are 


J vo 


'*0 


But 6 


= Ak 2 {/ cos {kr cos 0) */0 J cos {lx — cot), 

= Aik \f sin {kr cos 0) cos 0^0 j sin {lx — cot), 

= Aik Lr sin {kr cos 0) sin 0 d 6 ^ sin {lx — cot). 


sin {kr cos 0) = 2/1 {kr) cos 0 - 2 J 3 {kr) cos 30 + 2 / 5 (&r) cos 50 — 

cos {kr cos 0) = Jo{kr) — ij 2 {kr) cos 20 + 2 J±{kr) cos 4 0 — 

If we carry out the integration, replacing Ji{kr) by — J 0 '{k ?), we get 
exactly the “ E 0 ” wave (73-28), since our present E 2q corresponds to 
the former E and E Vo to E r . Similarly, if we use (73—6) with S = o 
and k replacing m, 

E = kAk sin {kr cos 0) cos {lx — cot), 

6 Page and Adams, Phys. Rev. $2, p. 647 (1937). 

6 Gray, Mathews and Macrobert, Bessel Functions, p. 32. 
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3i3 


which gives, under the same conditions, 
Ex = o. 


Ey 0 — 


Ak {/ sin (i kr cos 6) sin 0 <af0 j cos {lx — co/), 
k (/ sin {kr cos 0) cos 9 j cos (/a: — co/) 5 


£* u = Ak U sin {kr cos 0) cos 0 <af0 j cos (/a: — co/) 5 

leading to the “ Hq ” wave in the tube. Therefore the “ 2? 0 ” and 
“ Hq ” waves differ only in the state of polarization of the elementary 
plane waves to whose superposition they are due. 

(Ill) Parallel Wires. A simple harmonic plane wave advancing 
in the X direction with phase velocity v = c/y/ K(i can be represented 
as the real or the imaginary part of the complex function 

<t> = h(y, z) e 1( — (73-32) 

where € ss 00/u. Substituting in the wave equation (72,-4) we find 
that h{y, z ) is a solution of the two-dimensional Laplace’s equation 


d 2 h 

dy' 2 dz 2 


— o. 


(73-33) 


Now either the real or the imaginary part of any function F{y + iz) 
of the complex variable y + iz is a solution of (73-33), since 

d 2 F d 2 F 

__ pit _ * 2 pr/ ss= pn 

’ dz 2 


F". 


(73-34) 


Therefore, if F(y + is) = f(y 9 2) + i t ^(y, z), where f and g are real 
functions, we may take for 4> 

J{y , 2) 

*- \, -e 11 — (73-34) 

lifOs 2) J 

In this case we can take for E or F in the wave either — V/ or 

— Wre l( ~- W '\ since each is a solenoidal solution of the wave equation 
on account of the fact that / and g each satisfy Laplace’s equation. 
Let us represent E by the first solution. Then, from (72— ic). 


F = 


\ .<v 

1/ dz 


But, as 


dF <)f . 

F' = - — =- + 1- , 
dy dy dy 


k—\ e i(e *~ w<) 

dy\ 


IF' = — = — 4- i — , 

dz dz dz 
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it follows that 


d/ _ dg Of = _ dg 

dy dz * dz dy 3 


and consequently we may write 



(73-35) 


Hence we have the pair of related solutions 

E = - V/ e i( — F =-J^Vg ( 7 3-36) 

and similarly the pair 

E =— F = ^v/e i( -* i> . (73~37) 

Effectively we have reduced the problem of finding the amplitudes 
of E and F to a two-dimensional electrostatic problem; the ampli- 
tudes of E and F in (73-36) being the negative gradients of the poten- 
tial functions /(y, z) and V^c//x g(y 9 z) respectively, and correspond- 
ingly in (73-37). As Vg-Vf = o by virtue of (73-35), the lines of 
electric force for the case (73-36), since they intersect the curves 
f(y 3 z) = Constant orthogonally, are defined by the equations g(y, z) 
= Constant, and the lines of magnetic force, since they intersect the 
curves g(y 3 z ) = Constant orthogonally, are defined by the equations 
/Oh z ) = Constant. In the case (73-37) the lines of electric force 
and the lines of magnetic force are interchanged, the former being 
defined by the equations /(y, z) = Constant and the latter by £-(y, z) 
= Constant. 

The appropriate function for the discussion of waves along a pair 
of perfectly conducting parallel wires of circular cross-section is 


V —t— 12 —I— Jy 

F{y + iz) = log— jz _ - = /(y, z) + i g(y, z). 

from which we find that 

£/ \ 1 1 ( y H- b ') 2 “h z 2 

^ Z) = 5 l0g J y - T? + > 


g(y> 2) = — tan 


— 1 


ibz 


y 2 + z 2 - b 2 


(73-3 8 ) 

(73-39) 


( 73 - 40 ) 
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If we define E and F by (73-36), the lines of electric force are 
specified by the family of circles 

y 2 + (z + b cot .g *) 2 = b 2 esc 2 g , o < g < tt, (73-41) 

shown by broken lines in Fig. 76, and the lines of magnetic force by 
the second family of circles 

(y - b coth/) 2 -t- 2 2 = b 2 csch 2 /, - 00 < / < 00 , (73-42) 

shown by solid lines. By taking any pair of solid circles for the 
traces of the conducting wires we can satisfy the boundary conditions. 


Z 



Fig. 76. 


If the two wires have the same radius a , the distance between their 

axes is d — 2 V^ 2 + ^ 2 from (73—42). 

If Eo and Fo represent the amplitudes of E and F respectively, 

E„=-V f = -j¥- k f z (73-43) 

from (73—36), and 

F ° - - ^ vs = V; (j i - * D (73 “ 44) 

from (73-36) and (7 3-35). Therefore F 0 = ‘s/k/hEq everywhere, 
and the boundary conditions (62—16) and (62—17) at the surface of 
the wire make the current density on the surface equal to the charge 
density multiplied by the phase velocity v = cj y/ Kfx of the waves. 

74. Waves Guided by Imperfect Conductors. — In this article 
we shall consider simple harmonic waves guided by conductors pos- 
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sessing a finite conductivity <y immersed in a homogeneous isotropic 
medium for which D = «E and B = pF. Outside the conductors the 
field equations (72-1) still hold, but inside we must use the more 
general equations (62,-12). However, as pV = <rE and E is a simple 
harmonic function of the time, we can put pV = (icr/a>)E. Also from 
the equation of continuity (62-1) we have p = — V • (itr/co) E. Hence 
(62— 11a) becomes V • (je + icr/co)E = o where k is the permittivity of 
the conductor. If, as we shall assume, the conductor is homogeneous, 
k and <r are not functions of the coordinates, and this field equation 
reduces to V - E =0. So, altogether, we have for the field equations 
in the homogeneous parts of the metal, 

V - E = o, (a) V • F = o, (b) 

V X E -F, (c) V X F = - ( K + i - ) E, {d) 

where p is the permeability of the conductor. These differ in form 
from (72—1) only in that k is replaced by the complex quantity 
k + icr/co. Therefore the wave equations (72—2) and (72—3) become 

V -VE - (k + i p fi, (74-2) 

and 

V-VF = ( K + (74-3) 

yielding the complex wave-slowness S = \/ (/c + io-/co)p/ c. 

The physical significance of a complex wave-slowness is easily 
revealed by considering plane waves traveling in the interior of the 
homogeneous conductor. If the vector complex wave-slowness is 
written in the form S = S' + iS", where S' and S" are real, we find, 
by taking the real parts of (72—14) for E and F, 

E = E 0 e“ &,s "- r cos co(S'*r - /), (74-4) 

F = F 0 e“" s ‘ r cosco(S'-r — /), (74—5) 

which show that S' is the reciprocal of the actual velocity of propaga- 
tion and that c cS" measures the attenuation of the wave as it pro- 
gresses into the medium. 

It will be convenient to write down the boundary conditions 
(62—16) and (62—17) at the surface separating two homogeneous 


r (74-1) 
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isotropic media which have conductivity as well as permittivity and 
permeability, for the special case where the field is simple harmonic. 
As the effective permittivity is k -T icr/oo, these equations become 


(k 2 + i 




M 2 E 2n — 


(74-6) 



Fit = F lt> (74-7) 


where the numerical subscripts distinguish the two media, and the 
subscripts n and t refer respectively to the normal and tangential 
components of E and F. 

We can greatly simplify our notation by putting 

co / cr \ co 

(74-8) 

C \ CO/ C 

Then the wave equation (72—4) becomes 

V -V<i> + tx® — o. (74-9) 

the pairs of equations (72—5) and (72-6) take the form 

« 

E = V X V, F=— — V XV XV, (74-10) 

X 

E = V X V X V, F =- i^VX V, (74-1 1) 

and the boundary condition (74-6) is simply 

x l / lF 2 n — X2-^2n = Xl-Eln* (74 ^^) 


(I) Plane Conductor . First we shall consider waves propagated 
in the X direction in a non-conducting medium (i) situated above the 
plane y — o, the region below this plane being occupied by a conduc- 
tor (2). To a fair approximation this is the situation existing when 
radio waves travel horizontally near the surface of the earth. 

The solution of the wave equation (74—9) required to satisfy the 


boundary conditions is 

<E> = a e ( “ a: +^- iwi ) } 

(74-13) 

where 

« 2 + ) 3 2 + V^X = 0, 

(74-H) 

the parameters «, / 3 , a 

being, in general, complex. 


We are interested 

in the wave defined by (74—11). 

Putting 

V = z<I> we find 

E = 

( — z/ 3 2 + 7a/3)3>, F = k\ 

( 74 -I 5 ) 
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Evidently the boundary conditions at the plane y = o can be satisfied 
only if a. as well as co has the same value in the two media. Then 
(74-12) and (74 - 7) give only the two independent relations: 

a 2 fe 2 = arfi 2 , (74-16) 

^ 2^202 = * 1 ^ 101 , ( 74 _I 7 ) 

to which we must add the relations 


a 2 4 - 0 i 2 + tixi = o, 

<* 2 + 02 2 + ^2X2 = O, 


(74-18) 

(74-19) 


obtained from (74-14). Solving these four equations for a, ( 3 U ( 3 2 
and a 2 fa\ we get 

2 , , ^1X2 — tei 

Oi = 


1 2 ~ 1 1 
2 _ . 2 ^1X1 ~ 2X2 

A 


2 5 


02 2 = ^2 


2 ^1X1 — j 2X2 


\P 2 — 


2 J 


«2 

*1 


ifc 5 


( 74 - 20 ) 


As V^2 is complex, each of these expressions is also complex. They 
can be somewhat simplified for the usual case where ^2 = mi = 1 and 
consequently X2 = Xi* 

The resistivity of common metals is of the order of (io) -5 ohm cm, 
and therefore the conductivity <r is of the order of (io) 18 h.l.u. Conse- 
quently, even for frequencies as high as (io) 6 /sec, the ratio tr/co is 
very large compared with k, which is rarely greater than 10. Hence, 
if we write the expression for ^2 in the form 

. • C2 / . C0K 2 \ 

** _1 7 V -1 77 ’ (74_1I) 

the second term in the parentheses is extremely small compared with 
the first for metallic conductors even at the highest radio frequencies. 
In calculating a we shall neglect the square and higher powers of 
co/<r 2 as compared with unity, and in calculating 0 1} /S 2 and a 2 ja x we 
shall neglect ail powers of this small quantity. This means the 
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neglect of \f/ 1 2 as compared with ^2 2 in all cases. Putting ei = co/vi, 

where vi — c/'s/ Kim is the normal phase velocity of a wave in 
medium (1), we find 

1 comm 
<r 2 Ml 


/ 1 * 1 W *1 M2 . - 

a — — a. -+- lei = — 2 € i — r ici> 


Pi — Pi' - i Pi" =- ^ (1 + i) ^ 

I 

COM2 1 4 


^ <72 


00 /Cl /C 0 /Z 2 

0 ^ 0-2 


$2 = 0 2 ' — i/^2 


// 


' /.%H A 


I , _ • \ COM2 . / <72 

0“ ’ COM2 


COM2 ^ / <72 - i 2 


CZ2 

Mi 


2 2 
00 /Ci 

_ 2 
<72 


V— 

* COM2 


( 74 - 22 ) 


As £i w is the dominant component of the wave we shall put 
A = ap i«i. Then (74-15) gives 


ii = w Y 


^2 «1 ^ _ fry ^ ( eiX _ X/4) 


<72 Ml 

| j — «'* — 0i'v g i ( «ix —ffi'v — wO ^ 


'1 = v 


— «'» — 0i 'y e i(«i*— Pi”y — «<) 

Ml 

for the wave in the non-conducting medium, and 

E 2 = iA \j C0M2 — e -«'*+02'2/ gi («1* — 02 ,, J/ — «/ — *■/ 4 ) 

* <72 Ml 

j Q—et'x+fa'v e i(«i» — fa”v — «* — «"/2) 

<72 


( 74 - 23 ) 


= kAy]— e~ 
Ml 


a'x+02'1/ -i<«ia: — 02"y — *»0 
c > 


(74-24) 


for the wave in the conductor. For the purpose of discussion let us 
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refer to i, (co/o^)^ and co/<r 2 as quantities of zero, first and second 
order, respectively. For ordinary metals these three numbers are in 
the ratio i : (io)“ 6 : (io)~ 12 for frequencies as high as (io) 6 /sec. 

First consider the wave in the non-conducting medium. While 
the amplitudes of the components Ei y and F iz are of zero order and 
bear the same ratio as if the conductor were perfect, the amplitude of 
of Eix is of the first order and therefore very much smaller. The 
attenuation constants a' and are of the second and first orders 
respectively. Consequently the amplitude falls off more rapidly with 
increase in y than with increase in x. It is interesting to note that a! 
can be decreased by making the permeability m larger. Through 
terms in the second order the velocity of propagation, co/e i, is the 
same as if the conductor were perfect. Hence, for common metals 
and frequencies not higher than (io) 6 /sec, we have made errors of 
only one part in a million, or less, in basing the theory of guided waves 
developed in the last article on the assumption of perfect conductivity. 

Inside the conductor the amplitude of only the magnetic field is 
of zero order, the amplitudes of E 2x and E 2y being of first and second 
orders respectively. As the attenuation constant $ 2 is very large for 
high frequencies, the wave has an appreciable magnitude only in 
the region very close to the surface. Charge exists only on the surface 
of the conductor. As E 2y is negligible compared with E iy the charge 
per unit area is equal to KiEi y at the surface. The current density at 
any depth y below the surface is equal to <j 2 {iE 2x + jE 2y ). As E 2y 
is an order smaller than E 2x , the current normal to the surface is 
negligible compared with that in the direction of propagation of the 
wave. Furthermore, as ( 3 2 ' is proportional to the distance from 

the surface at which the current density falls to i/e times its value at 
the surface becomes smaller the higher the frequency. This phenome- 
non is known as the skin effect. At sufficiently high frequencies we 
can consider the current to be confined entirely to the surface, as 
with the perfect conductors treated in the last article. 

The fact that the longitudinal current at the surface is not in phase 
with the magnetic field may occasion some surprise. It must be 
remembered, however, that, on account of the term — ij S 2 "jy in the 
exponential factor of E 2x , the phase of the longitudinal current 
changes with the depth below the surface. The integrated current 



a 2 E 2x dy = cA 



e — a'x — 
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is in phase with F at the surface and, indeed, satisfies the condition 
that it should be equal to c(F) y=0 . 

Xhe mean flux of energy into the conductor per unit time per 
unit area is given by the time average of the component cE lx F lt of 


the Poynting flux. 


It is 


equal to the Joule heat 



developed per unit time per unit area, each being given by 


4 


Ml 



(II) Cable. We shall now reconsider the problem of the cable 
which we treated in article 73 on the assumption that the two coaxial 
cylindrical conductors had infinite conductivity. Here we shall 
attribute to the inner conductor of radius a a permeability p 2 and a 
finite but very large conductivity cr 2 , neglecting entirely its permit- 
tivity k 2 as compared with <r 2 /co. The permittivity and permeability 
of the intervening non-conducting medium we shall designate by 
and jui, and we shall suppose the outer conductor of radius b to be a 
perfect conductor of infinite conductivity. As the example just 
investigated suffices to convince us that the wave in the non- 
conducting medium is described to a very high degree of approxima- 
tion by the solution obtained in article 73, we shall confine our 
attention to the wave inside the inner conductor, with special refer- 
ence to the calculation of the effective resistance and effective self- 
inductance per unit length of the cable. 

Using cylindrical coordinates as in article 73, we look for a solution 
of the wave equation (74-9) of the form 

<& = Rif) e (otx - iwi) . ( 74 - 25 ) 


Following the method of the previous article we find that R must 
satisfy the modified Bessel’s equation 


d 2 R 
dp 2 


t dR 

4- - 7- - R = o, 

P dp 


(74-26) 


where p = kr and 


of + k 2 + \px — o. 


(74-27) 
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We are interested in the case (74—11). Putting V — i& we have 
for the non-vanishing components of E and F 


E r = ocM —— e'” -1 " 0 , 

dp 

E x = — 

^ ^ . 

dp 


(74-28) 


Evidently /oOp) is a solution of (74-26) which remains finite on 
the axis of the wire. The independent solution Ko(ip), contains the 
logarithm of p and becomes infinite for p = o. Therefore the solu- 
tion of (74—26) applicable to the inner conductor is 

3> = CJo(ikr) e i(e *“"° 

where we have neglected the small attenuation in th e dir ection of 
propagation. Here e = ei = co/vi where i>i = c/y/ K\p\ and, as 
^ ^ 2 = i<r 2 A and x — X2 = wp 2 A> it follows from (74-27) that 




c 2 f . 

2 1 “ 1 

Ul l 


0"2 M2 


CO K iPi 


)■ 


Since, however, <r 2 /co is of the order of (io) 12 for common metals and 
frequencies not greater than (io) 6 /sec, the first term in this expres- 
sion is negligible compared with the second, and we may write 


k 2 =- i 


oxr 2P2 


(74-29) 


The axial electric intensity inside the wire is therefore 

E x = AJo(\kr) e lCe *~ wi) (74“3°) 

from (74-28). The axial current density pV x is equal to g 2 E x , that is, 

pVx = <T 2 AJ 0 Cikr) e i( — ( 74~30 
Also the magnetic force inside the wire is 


r ? bt_ 4 i(ex _ 

-k* A dr 


cot) 


= )cA dj 0 (\kr) 
cop2 dr 


(74-32) 
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and the time rate of increase of magnetic induction is 

B* - = cA 

dr 

Therefore the excess of the electromotive force on a current filament 
at a distance r from the axis over one at a distance a due to changing 
magnetic flux is, per unit length of the cable, 

/ CL 

B+dr = — A { Jo(ika) — J 0 (ikr) } e i(w:-wi) . (74-33) 

Let S be the electromotive force per unit length due to the time 
rate of decrease of the magnetic flux outside the wire. Evidently 8 
is the same for all current filaments. Then Ohm’s law gives for the 
applied electromotive force 8 0 per unit length of the cable 


So — — pV ’ c — S — AS 
0-2 

= - s + AJo(\ka) eK— 

which is independent of r, as it should be. The total impedance per 
unit length of the cable may be written R e — ic oL e where R e is the 
effective resistance per unit length of the cable and L e the effective 
self-inductance, the negative sign being due to the fact that d/di = — ic o 
in our notation instead of ia> as in the usual circuit theory notation. 
Now the total impedance is the quotient of the applied electromotive 
force So by the current i. The current is 


/ a 

Jo(Skr)r dr 


(74-34) 


from (74—31). But, if L s is the self-inductance of the surface of the 
wire, S/* = icoZ*, where 

■^3 Io 8 ~ (74-35) 


L, = 


1TTC‘ 


a 


from (69-1 2) . Consequently 

■R.& ' lC0£ e lC oLiq I 


J Q (\kd) 


iTTC 2 


/ CL 


J§(/\kr)r dr 


By equating the real and imaginary parts of this equation we can find 
R e and L e . 
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Now, from (73—24), 

/ a 

J 0 Q.kr)rdr = / 
•sQ 


1 + -?■ + sr? + ■ " \ rdr 


a 2 \ , k 2 a 2 , k*a* , 

= — \ i 4 h - - + 

2 L 2-4 Q,-4'4*o 


and hence 


\CoLq I 


i* Jp(jka) 
1 ira<r 2 J 1 (i&<*) 




(74~3 6 ) 


If the frequency -is low, so that &cz is small, the series (73—23) for 
_/ n converges rapidly. Using these series we find 

J 0 (ika) _ 2 f £ 6 # 6 _ & 8 # 8 1 3& 10 g 10 _ ] 

JiQ.kd) \ka\ 8 192 307a 46,080 8,847,360 J, 


from which it follows, if we use the value of k 2 given by (74—29), that 
the effective resistance R e per unit length is given by 


Re — Rq ) 1 4“ 


2224 4448 

CO <72 M 2 a CO O ’ 2 M2 ^ 


192^ 


46,080^ 


"'J 


. (74-37) 


where Ro “ i/(ira 2 i 72) is the resistance for zero frequency, and the 
effective self-inductance per unit length by 


Re L s 4” 


C0 2 <T2 2 JU2 3 ^ 4 , 1 3C0 4 <T2 4 JLl2 5 ^ 8 

30727rc: 6 8,847,36o7r/: 10 


• (74~3 8 ) 


We note from the latter that the self-inductance for zero frequency 
is not L s but 

r r , M 2 Ml b , M 2 

-M) 1 Q 2 * 2 "i o 2 > 

8 tr: 2 , 717 : ^ 87r£ 

the second term of which is large if the permeability of the wire 
is great. In electromagnetic units (74—37) and (74—38) are 

Rem = ^ 0 m{ I 4 7T 2 6) 2 CT W 2 ^2 2 ^ 4 7r 4 C0 4 0- m 4 /X 2 4 ^ 8 4“ * * ‘ }, 

l 12 180 J 

Rem = 2^i log 1 H2 q TT 2 (j > 2 <T m 2 IX 2 Z a* ' (74”39) 

a 2 48 

+ T 3 44 4 ft S 

— -j 
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It should be noted that the resistance increases with increasing fre- 
quency due to the concentration of the current in the outer portion 
of the wire, whereas the self-inductance decreases. 

The series just obtained for R e and L e are useful only for moderate 
frequencies. For very large values of the argument 7 


Mika) = i» 


Jca 


2 Ttkci 


(74-40) 


Hence, for very high frequencies 

7o(i ka) 




JMa) 

Under these circumstances (74-36) gives 


Rp. = 


v 


I /“M 2 

a _ _ » /T* 


2 v 2irac a 2 


and 


Re Rs T" 


.v licac 


M 2 

W<7 2 


(74-41) 


( 74 - 4 2 ) 


or, in electromagnetic units, 


R 


COM2 


era 


* 2 > 
(R fti 


1 u 

Rem = log (- 


M2 




f l'KCCw>G. 


m 


(74-43) 


The resistance continues to increase indefinitely and the self-induc- 
tance to decrease to the limiting value L# with increasing frequency. 
The reader must be warned, however, that the two expressions con- 
tained in (74-43) are incomplete if the outer conductor has a conduc- 
tivity of the same order of magnitude as that of the wire. 


7 Gray, Mathews and Macrobert, Bessel Functions , p. 58. 
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75. Radiation from a Point Charge. — In article 48 we found 
retarded expressions for the electric and magnetic intensities of a 
point charge moving with an arbitrary velocity V and acceleration f 
relative to the observer’s inertial system S. These expressions contain 
both a term proportional to the inverse square of the radius vector 
[r] and a term proportional to the inverse first power of [r]. In this 
chapter we shall be concerned only with the field at great distances 
from the charge producing it. Therefore we can neglect the first 
term as compared with the second in (48-7) and (48-8) and write 
for E and H: 


E = 


H = 



(fX(c-V)} X c J , 

X ({f X (C - V)} Xc)l- 


(75-0 


(75 -i ) 


This distant field is known as the radiation field of the charge e. Not 
only are E and H perpendicular to each other but both are perpen- 
dicular to the direction c of propagation of the field. 

Since H = (i/e)c X E and E-c = o, the Poynting flux at a great 
distance from the charge is 

s = f(B X H) = £ 2 c. (75-3) 


Therefore the flow of energy in the radiation field is in the direction of 
propagation of the field. 

We wish to calculate the time rate 3 % of radiation of energy from 
the point charge. To do this as simply as possible we make use of 
the flux of energy through the surface of a fixed sphere of very large 
radius r with center at the position of the charge at time /. As the 
field is propagated with the velocity of light, energy emitted in any 
326 
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direction from the charge at time t will pass through the surface of 
the sphere at time t -j~ rjc. On account of the velocity of the charge, 
however, energy emitted at the later time / + dt in a direction c has 
to travel a distance r — (c-V dt)/ c to reach the surface of the sphere, 
where it will arrive at time / + dt + r/c — (c-V dt)/c 2 . Hence the 
energy radiated from the charge in the direction c in the time dt will 
pass through the surface of the sphere in a time (i — c-V/c 2 )dt. So it 
follows from (75-3) and (75-1) that the rate of radiation of energy by 
the charge at time t per unit solid angle Q is 


dSt 

da 


167 r 2 r 7 


(' - 97 


{f X (c - V)} X c| ! 


* 2 

f-Vf-c 

-0 ^ 

f . c c 

(■ - ?) ( t )1 


{'-91 (■ -9Y 

(--97 1 


(75-4) 

This is a simultaneous expression, giving the rate of radiation at 
the instant when the charge has the velocity V and acceleration f. 
If V is negligible compared with c> 


d& 

da 


1 67 r 2 c 5 


f X C 2 , 


(75—5) 


which indicates, in agreement with the theory of the electric oscillator 
discussed in article 72, that the maximum radiation of energy occurs in 
directions at right angles to f and that no radiation is emitted in the 
direction of f. 

To obtain the total rate of radiation we must integrate (75—4) 
over all directions. If we introduce spherical coordinates with polar 
axis in the direction of V and azimuth 4 > measured from the plane of V 
and f, we have to evaluate the integrals 




sin 9 d 6 d<fi 
(1 — B cos 0) 3 


47T 

(1 - B 2 ) 2 ’ 




cos 6 sin 6 dd d<f> 


47T 


(1 - B 3 ) 


4 

2\3 ^ 


B, 


(1 — B cos 0) 4 
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C f* cos 2 Q sin d dd d<f> 4 x 

J *~X X (i 

_ r 2r r T si 

“ X Xa (1 - 


h 


B cos 9 ) 5 (1 - B 2 ) 4 ^ + 

sin 6 d$ d<f> at 


, 0 B cos 0) 5 (1 — B 2 ) 4 

where B = Vjc. In terms of these integrals 


(1 + B 2 ), 


Th ?\ Jif2 + ^ BJ 2 - (i - b 2 )/ 3}/, 2 

~ f (1 — B 2 )(/ 4 — / 3 )( f y 2 +/,*) 


/x 2 


+ 


A 2 +/z 


67 rr 3 l (1 - B 2 ) 3 ^ (1 - B 2 ) 


2 > 


( 75 - 6 ) 


where /c is the component of f in the direction of V,f y and f z being 
at right angles. If f' is the acceleration of the charge relative to the 
inertial system in which it is momentarily at rest, we find from 
( 43 - 7 ) that 



, 2 /' 2 

6tc 3 ' 


( 75 - 7 ) 


Hence the rate of radiation is an invariant of the Lorentz transfor- 
mation. 

We see from (75-6) and (75-7) that a point charge radiates energy 
whenever it is accelerated. In so far as we can consider the Lorentz 
electron as a point charge we may conclude that it must radiate 
whenever it is accelerated and that the rate of radiation is inde- 
pendent of the structure of the electron. Certainly a Lorentz elec- 
tron subject to an inverse square force of attraction cannot describe 
orbits of linear dimensions large compared with its radius without 
radiating energy. On the other hand Schott’s 1 work on the rigid 
electron model indicates that a Lorentz electron may describe orbits 
of linear dimensions less than its diameter without radiating. 

It should be noted that the rate of radiation (75 — 7 ) from a Lorentz 
electron is identical with the rate of dissipation (57-2,1) calculated 
previously from the equation of motion. 

It is instructive to trace the formation of the lines of electric force 
in the field of an oscillating charge. For simplicity we shall confine 


1 G. A. Schott, Proc. Roy. Soc. 159, p. 570 (1937). 
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ourselves to a point charge which is executing simple harmonic vibra- 
tions of amplitude a along the X axis. Then we may put 

x — — a cos cot, 

v = aca sin cot, 

for the displacement and velocity of the charge, respectively. 

On account of symmetry we lose no generality by confining our 
attention to lines of force in the XY plane. Consider a moving-ele- 
ment emitted by the charge when it is at rest at time o at an angle oc 0 
with the X axis. Moving-elements forming constituents of the same 
line of force which are emitted at a later time move in a direction 
making an angle a. with the X axis, where 

c y Cy's / 1 — / 3 2 y / 1 — ( 3 2 sin olq 

tan a. — — = ; = — 

Cx Cx “l” V COS QJo - J— /3 

by (43-1). We see at once that no radiation is emitted in the X 
direction (a 0 = o) and that the maximum radiation is emitted in 



the Y direction («o — w/2). A line of force extending in the latter 
direction is plotted in Fig. 77, the broken lines representing the paths 
of the moving-elements of which it is the locus. Of course, this graph 
represents the exact electric field, both near to and far from the source. 
It should be noted that the ratio of the transverse to the longitudinal 
component of the field increases with the distance from the oscillating 
charge. In (75— 1) we have ignored the latter as compared with the 
former. 

76. Radiation Field of a Group of Point Charges. — In the last 
article we calculated the energy radiated by an isolated point charge. 
If a number of point charges are near together, the resultant radiation 
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field due to the group has an electric intensity given by the vector 
sum of as many expressions of the form (y 5 — 1 ) as there are charges. 
Since, however, the effective positions of the various charges are 
reached at different times, it is necessary, in order to calculate the 
radiation from the group, to refer the configuration of effective posi- 
tions to the actual configuration at a specified time. In other words, 
we must take account of the interference with one another of the 

electromagnetic waves proceed- 
P ing from the individual charges. 
To do this, we shall take an 
origin 0 (Fig. 78) somewhere in 
the group of charges at time t 
and develop an expression for 
the resultant electric intensity 
E at a field-point P at a great 
distance r at time t + rjc in 
terms of the position vectors 
of the charges relative to O at time t , and their 

time derivatives. 

Since P is at a great distance from 0 the fields at P of the individual 
charges will all have eff ectiv ely the same direction of propagation, 
namely that of the line OP. Hence c for each elementary field is 
parallel to OP. If, then, [r s ] is the position vector of the effective 
position of the charge e 8 for the field-point P at time t + r/c y this 
charge occupies its effective position at the time 



^1? ^2 5 




[4] = t + 


m 


(76-1) 


Since [Vj = we get by differentiation 

1 d d 

d[t 8 ] ~ dt 




(76-2) 


Now, since 
{f X (c - V)} X c - f • c(c - V) 


(- - 7) 


(fee — cH) + (V-cc — <r 2 V) 


-(-?) 
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we can write the electric intensity (75—1) in the radiation field of 
the charge e 8 in the form 

£» , f* * c 

c-vA 2+ r 2 

) 



0- 


v 8 1 


X C x C. (7 6-3) 


In this expression we have replaced the distance of P from e 8 in the 
coefficient by the distance r of P from O, since the ratio of the one 
to the other approaches unity as r increases without limit. 
Combining the two terms in (76—3) and using (76—2), 

1 d f V* 

c-VA dt 8 ( c*V s 

-?-) lv - ~F 





(76-4) 


We can find a simultaneous series in powers of l/c for [r a ] from 
Lagrange’s expansion (55-9). Comparing (76-1) with (55-1) we see 
that a = 1 A, /(H) = [c*r 8 /c\ for the present case. Hence 



1 c- r. 


r s + — — V fl + 
1 \c c 


\c 2 dt 


{(=?)■ 


V a + 


and the resultant electric intensity E = 2 e 8 in the radiation field is 




— '-•( 

4 irrc* \ 


'-f- e 8 V 8 ) 


+ 


(» - 1) 


k^S(E( 5 ?r-.V.)+- }*»)*«■ <7<H> 



33 * 


RADIATION AND RADIATING SYSTEMS 


The successive terms in this series will be referred to as the first, 

second, third, • • • nth * • ■ order radiation fields. The Poynting flux 

is obtained immediately from (76—5) by means of (75—3). Since the 

Poynting flux is proportional to E 2 , the total radiation from the group 

of particles can vanish only when E = o for every direction of c. 

The first order term in the electric intensity in the radiation field 

of an individual charge is proportional to its acceleration. This 

term vanishes only when S e 8 f 8 = o or 2 e 8 V 8 = Constant. In fact, 

8 8 

if the charges remain in a group of small dimensions and do not 
become infinitely separated as t becomes infinite, the nth order term 
in (76—5) vanishes everywhere on the sphere of radius r only when 

n — 1 

<? 8 V fi = Constant 



for all directions of c. If c = c(il + jm + kn ) and r 8 = 
jy 8 ■+■ kz 8 , this means that 

Tle 8 (/x 8 + my 8 + nZsT^Xs — Constant, 

8 

2 <? 8 (/.*•* + my 8 + nz^f~ Y y s = Constant, 

8 

2 <? 8 (Zv 8 + my 8 + nz^) n ~ x z 8 — Constant, 

8 ^ 


ix, + 


(76-6) 


for all /, m , n. Therefore %n(n + 1) scalar relations involving the 
coordinates and velocity components of the charged particles must be 
satisfied in order that the nth. order radiation field shall vanish. 

Consider two Lorentz electrons at opposite ends of a diameter, 
revolving with constant angular velocity to in a fixed circular orbit 
of radius a very large compared with the linear dimensions of an elec- 
tron. Evidently the first order term in (76-5) vanishes and therefore 
the main part of the Poynting flux is due to the second order term. 
We shall calculate the second order radiation specified by this term. 

Take the XY plane as that of the orbit with origin at the center. 
Then the angle which the diameter connecting the two electrons 
makes with the X axis may be denoted by c ot. If we put 
c = c{i sin 6 cos 4 - j sin Q sin <f> + k cos #}, 



lecoa 2 sin 6 (cos <f> cos u>t 

+ sin 4> sin co/)(— i sin <x>t + j cos c ot) 
eua 1, sin 6 {i(sin (<£ — 2<o/) — sin <f>) 

+ j(c os ( 4 > — 2c ot) -J- cos 0) } 



RADIATION FIELD OF SPINNING ELECTRON 333 


and 


J == ^ ^ e 8 Vs^ = — 4 eoPa 2 sin 6 {i sin (<£ — lot) 

& 

~\~j COS (<£ — lot) | • 

Now the Poynting flux is 


s = £2c = T6^V ( ^ 2 - C - j2)c 

* 2 / 2 ^ 2 . . 2 „ -4o 


/r 2 c 6 


{sin 2 0 — sin 4 8 sin 2 a(<£ — ot) }c 


and the total rate of radiation from the pair of electrons is 



sr 2 sin 8 dd d<j> 


8<? 2 / 2 ( V ^\ 

$ttc 3 \ c 2 / 


( 76 - 7 ) 


Comparing with ( 75 ~ 7 ) we note that the second order radiation from 
a pair of electrons may not be negligible compared with the first 
order radiation from a single electron if P 2 is comparable with c 2 . 

77. Radiation Field of the Spinning Electron. — In this article 
we shall investigate the radiation field of the spinning electron with 



Fig. 79. 


electric moment p e and magnetic moment p //> the kinetic reaction of 
which was computed in article 5* Specifically we shall consider an 
electron whose center is momentarily at rest at the origin O^at time o 
and has an acceleration f and rate of change of acceleration f, and we 
shall calculate the electric and magnetic intensities of its field at a 
point P 0 (Fig. 79) at a very great distance r from O at a time r/c . To 
do this we shall use the retarded expressions (50-9) and (50-10) for 
the scalar and vector potentials. In our expansions we shall retain 
all terms which are linear in f and f and in which the coefficients are 
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constants or linear in one of the moments. Also we shall include 
terms which are linear in the moments and their first and second time 
derivatives and in which the coefficients are constants. 

Let a be the position vector of a point Q on the surface of the 
electron at time o. Then the effective position of the charge at 
Q for calculation of the field at P at a time r/c + /, where t is small, 
is occupied at the time 

"" "" cp 




(77-1) 


where p is the position vector of the point P relative to the nearby 
point Pq, and [a] is the position vector of the effective position of 
Q relative to O. Since 


we find 
n , ca 

M “ * + ~~^2~ 


[a] = a + [/] 3 + • • • 

° p , , c a c pY 


+ 




<77~ 2 ) 


If x 3 y, z are the coordinates of P and x 0 , yo y z Q those of P Q , 
c p = c x (x — x 0 ) + Cy{y — yo) + c z (z — z 0 ) and V(c*p) = c. Hence 
for t = o and p = o. 


vM = - 


, f -c c a 

1 "jT ~2 

C 6 


1 y ( 7 ?) } » ( 77-3) 


d[/] , f-cc a , 

17 = i+^ ? h- 


! f c/c-aV 

5 7 V ?7 ' 


(77-4) 


As the velocity of the center of the electron in its effective 
position is 

[v] = fW + if [,p + 



1 



(77-5) 


to our degree of approximation. 

The expressions (59-4) and (59-5) for the charge and current 
elements due to spin must be carried to higher order terms. As in 
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article 59 we find from the equation of continuity that the time rate 
of change of angular velocity of a point Q on the surface of the 
electron is 



in terms of the mean angular velocity o> and the mean rate of change 
of angular velocity <i>. Hence, as we are neglecting terms in f-a«>. 


\de 1] 


^ { , co X 3 * f r 1 1 £0 X 3 r to 1 7 _ - 

= ~r | 1 H ~3. H + i — — W 2 H- * * * [d®, (77~ 6 ) 

47T L C C J 

[Vi^i] = — | co X a ^1 X a - © X a ”^) W 

+ §oi X a[/] 2 + f[/] H- Jf[/] 2 + • • • |^12. (77-7) 


Also, adding needed higher order terms to (59—6) and (59—7), we 
have for the charge and current elements due to the electric moment. 


\de^ = — ^~2 {p2?*a + P.b**M + ipjf-a[/] 2 + • • • 

47T/3 


(77-8) 


[V*fcj = ~— 2 {|(a Xps) X a + §(a X p*0 X a[/] + p s af[/] 

47 ra 

+ ip^-af[/] 2 + • • • \d£l. (77-9) 

Substituting in (59—8) and (59-9), remembering that [r] = r. 


3 > = 


:67r 2 r 






+ f M 2 + 




+ 


: 67r 2 a 2 r 


f {pa -a + [/] + i [/F + Pa • a[/] 


i p# • a f • c r , 2 
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and 

a e C\ v. ( fa\ <oXafc ri icoXafc rio 

A= i6^-cJ r a r7j + ~ H + a~^ [/] 

+ &X a [/] - - X ^ fa [/] + 15X a [t\ 2 + i[t] + Ji[/] 2 + • ■ • ] da 

1 6 ir‘ 2 a 2 rc J X R®) X a + §(a X Pb) X a [/] + Ps - af[/] 

+ ip^af[/] 2 + • • • } d£i. (77-1 1) 

Xo find the component — V<£ of the electric intensity at Pq we 

I dA. 

make use of (77-3) and, to find the component — - , of (77-4). 

Omitting terms which obviously vanish on integration we get, on 
making / = o and p = o, 

-v* = -4 _ i r t 1 


• a c • a dQ, 


1 dA 
c dt 


1 6 ir 2 rc 2 


03 X a c • aJti 


* C {471X0 I C ] 

~ v * - 7* J “ X f a c-adQj 

+ i6w Vr? {l* / Pi ' aC ' sd! + ^ f Ve* C-a^fij , 

I AA _ r / , . f c f 
c at ~ 1 6 ir 2 rc 2 l 4,rf + 7^7 “ X a c-aj£l 

i-awXa^Q + i aXac-a^ol 

~ i67tW<t 2 IP, J' ^ E ' a c ‘ a ^ fl + 2 (a X Pe) X a^fij • 

The integration over the solid angle is easily carried out. Expres- 
sing mm terms of p * by (58-9), we have for the electric intensity in 
tJie radiation field of the spinning electron 

E = ^ i(fXc)Xc + ^bf(fX c )Xp ff }Xc--^ foX c 


oi X a csufti 


3 


47r rc 


,3 P// X C 


“ ^ ({(f X c) X X c) X c + -Lj (p B x c) X c. (77-12) 
It should be noted that the terms in p £ and p H agree with those found 
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in (72-23) and (72-26) for the case where k = y. = 1. To find H 
it is not necessary to compute the curl of the vector potential since we 
know that H — (i/c)c X E. 

Finally we shall calculate the rate of radiation, omitting the 
terms in and pjy in (77— 1 a). As the electric intensity is 

of the form E = P X c, the Poynting flux is given by (7 5-3) 
with E 2 = c 2 P 2 — c-P 2 - Summing over all directions, the energy 
radiated by the spinning electron per unit time is found to be 



gpH-f Xf pj/ 2 f • f 

67TC 4 ~L$TTC & 


m .... , m 

P# f ^ P^ 2 f T 

30 TTC 5 I $7rC 5 


Pig-f 

307rr 6 


(77~ I 3) 


with neglect of terms in the time rates of change of the moments p# 
and p H- 

If a spinning electron of radius a with magnetic moment (60-1) 
is describing a circular orbit of radius r with linear velocity the 
ratio of the second term in (77—13) to the first is of the order of 
magnitude of 

±V(hc\ 

r c \e 2 J 3 


whereas the ratio of the third term to the first is of the order of magni- 
tude of the square of this small quantity. Therefore the radiation 
from an extra-nuclear electron in an atom due to its magnetic and 
electric moments is quite negligible compared with that due to the 
acceleration of the resultant charge e, and the rate of radiation from 
the spinning electron is effectively the same as that given by (7 5-6) 
for the non-spinning Loren tz electron. 

78. Axially Symmetrical Waves. — Consider a perfect conductor 
which possesses symmetry of revolution about an axis, such as a 
spheroid or a straight wire of circular cross-section. Let u and v be 
orthogonal curvilinear coordinates in a plane through the axis and <f> 
the azimuth measured around the axis. If electrical oscillations along 
the axis are set up in the conductor, it is clear from symmetry that 
the only non-vanishing components of E and F in the field outside the 
conductor are E u , E v and F, b , and that none of these is a function of <£. 
Whatever form the oscillations may take, we can always represent 
them as the sum of a number of simple harmonic oscillations. There- 
fore we lose no generality if we limit our discussion to oscillations in 
which the components of E and F are of the form v)e~ lut . In this 
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event, the field equations (72-1 c) and (72-1 d) applicable to the region 
outside the conductor become respectively 


and 


a v p dv 
I d 


&u,P du 


{pFJ 

(pF*) 


n : 

C 


u> 


10) K 




Vi 


I 







(78-1) 


(78-2) 


in terms of the notation of article 19, where a w — p is the perpendicu- 
lar distance of the field-point from the axis. If we eliminate E u and 
E v from these equations, and write A for pF^ we obtain the homo- 
geneous linear partial differential equation of the second order 

d f <2y dA { d \ a u dA\ co 2 a u a v 

du 1 a u p du j dv 1 a v p dv J v 2 p ° 3 ^ 

where v = c/’\/~iqx as heretofore. 


In terms of the solution A of (7 8-3) 

_ . v pi dA 

Eu — 1 \ - i 

00 * k a v p dv 

, _ __ . m I 

o) * k a u p du 


E. 



(78-4) 


from (78 1) and the definition of That the vector functions E 
and F so determined are solenoidal, as demanded by (72-1^) and 
(72-1^), is evident from the fact that each is proportional to the curl 
of the other in accord with (72-ic) and (71-id). 

The boundary conditions for free electrical oscillations are {a) that 
the tangential component of E vanishes at the surface of the con- 
ductor, and ( 3 ) that E and F both vanish at infinity. Therefore it is 
necessary that we should choose coordinates u and v so that one 
coordinate surface, such as u(x, 2) = Const., coincides with the 
surface of the conductor. Then E v = o at every point on this sur- 
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face. From Ampere’s law (G'l-iid) it follows that the total current i 
through any cross-section of the conductor is 

i = 27nfp 0 (i^)o = IttcAq, (78-5) 

where po is the radius of the section and 0 is the magnetic force 
at the surface. 

We shall solve (78— 3) both (I) for the sphere and (II) for the 
prolate spheroid. The limiting case of the latter as the eccentricity 
approaches unity is of special interest since it affords a close approxi- 
mation to the straight wire antenna of finite length. 

(I) Spherical Conductor. In spherical coordinates the square of 
the linear element d\ is 


d \ 2 = dr 2 -f- r 2 dd 2 -j- r 2 sin 2 6 d<p 2 (78—6) 


as shown in (19—14), and, therefore, if we identify r with u and 6 
with v , we have a u = 1, a v — r. Consequently, as p = r sin 0, 
(78-3) becomes 


d 2 A 

+ 




H- sin 0 


dA 


— 0. 


(78-7) 


if we put € for to/u. We see that we can separate the variables, 
obtaining a solution of the form A — R(r ) ©(0) where R and © 
satisfy the ordinary equations 


d 2 R 

dr 2 



o. 


d^e 

dp 2 


+ 


CL 



© 


O, 


(78-8) 


in the second of which p has been put for cos 0. 

(II) Prolate Spheroidal Conductor. If the origin is taken at the 
center of the spheroidal conductor and the X axis coincides with the 
axis of symmetry, the appropriate coordinate surfaces for this case 
are the confocal prolate spheroids 

2 2 

y2^2 ^ “ L I < V < 00 > (7 8 “9) 


and the orthogonal confocal hyperboloids of two sheets 


x 

r2>2 


/ 1 i - n 


= I 


— I ^ ^ ^ I , 


(78-1:0) 
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the common foci of the two families of surfaces lying on the X axis at 
distances f and — f from the origin. The eccentricity of each prolate 
spheroid is the reciprocal of 77. Hence, as 77 increases, the spheroids 



Fig. 80. 


become more and more nearly spherical. A section of the coordinate 
surfaces cut by a plane through the X axis is shown in Fig. 80. 
Solving for x and p, 

*=/fn, P =/V(i-i 2 )(,, 2 - I). (78-11) 

if r is the radius vector from the origin, and 6 the angle which it 
makes with the X axis, 

r 2 = / 2 (v 2 + i 2 - 1 ), 



So, far from the conductor, where 7/ is large compared with unity, 
r = Jrj and cos 6 = £. 

Differentiating equations (78—11) we obtain for the square of the 
linear element 


d \ 2 = dx 2 dp 2 + p 2 d<l > 2 


= / 2 


df + ~ dr ) 2 + (I - | 2 ) (t ? 2 - l)d<f > 2 

s V — 1 


(78-12) 
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As the unit vectors |i, tji, <(>1, in the directions of increasing £, tj, <j> 
respectively, form a right-handed set in the order stated, we identify 

£ with u and rj with v. Hence a u = f 2 - I 2 )/ (1 - £ 2 )', 

a v = / V(t , 2 — i 2 )/(jp — 1) and (78-3) becomes 


(1 - i 2 ) 


9 2 ^ 

aj 2 


- -y 2 « 2 ^ + - 1) 


d 2 A 

dr ] 2 


-b r 2 i7 2 ^f = 


o, (78-13) 


where y = (co/v)f. As the variables can be separated, there is a 
solution of the form A = AT(£)I^(?7) where X and Y satisfy the 
ordinary differential equations 



d 2 X 

de 


+ (a - T 2 ^ 2 )Ar = 


o. 



1) 


d*Y 

dr ] 2 


+ ( — d y 2 r] 2 )Y — 


(78-14) 


If we put jy = yr 7, then, for large values of rj, y = (co/u)r. In 
terms of _y, the second equation above becomes 



dy 2 


(~a-hy 2 )Y= o. 


(78-15) 


If, now, we go over to the case of the sphere by letting the semi-focal 
separation /, and therefore y , approach zero, (78—15) and the first of 
the pair (78—14) reduce to the two equations (78—8), as they should. 

79. Oscillations of Spherical Conductor. — In this article we 
shall consider first the axially symmetrical radiation field due to the 
free oscillations of a perfectly conducting sphere, and second the 
forced oscillations and consequent radiation from such a sphere when 
simple harmonic plane waves of length long compared with the 
diameter of the sphere pass over it. In connection with the second 
problem we shall also compute the radiation resistance of the sphere. 

The first step is to solve the differential equations (78—8). Start- 
ing with the equation in jj. = cos 6 we make the substitution 
0 ( M ) = v~ ]i 2 which gives for u the equation 


d_ 

d]x 


<■ - -■> S ) 



-j - Oi u 


o. 


The only solutions of this equation which have physical significance 
in the problem under consideration are those which remain finite over 
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the whole range — i ^ ^ i . As is shown in treatises on spherical 

harmonics such solutions exist only when the constant of separation a 
is equal to /(/ + i), where l is a positive integer equal to or greater 
than unity. These discrete values of a are known as the character- 
istic values of the parameter, and to them correspond the various 
harmonic oscillations of which the sphere is capable, the fundamental 
or first harmonic being given by / = I , the second harmonic by / = 2, 
and so on. The differential equation for u which we have to consider 
is, then, 

S {<’ - '■> %} - ® - + ■>■ - ”• ' - *• 3- ■ - <79-0 


This equation is a special case of the more general equation 


I ("-'■> I) - 


rrPu 

i — M 5 


+ Kl + i )u — o. 


(79-2) 


where m is an integer equal to or less than /. The solutions of (79—2) 
are the associated Legendrian functions 

d m 

u = PiM = (1 - m 2 )”' 2 ^5 PM , (79-3) 

where ,1 

= (79—4) 


are the Legendrian polynomials of degree /. The solutions of (79-1) 
are therefore 

I / d 1 "^ 1 

PiM = (- O' pjj V.-, ! ^5(1- m 2 )'. (79-5) 

The first three of these functions are 


Pn = Vi - m 2 , 

P21 = 3 m Vi — /x 2 , 

P 31 = f(5M 2 - I) Vi - M 2 . . 


(79-6) 


Now we are ready to consider the first of the pair of equations 
(78—8). Replacing a by /(/ + 1) and putting R(r ) = \/r v(r) we 
find that v satisfies the equation 


d 2 v 

dr 2. 


+ l t + 

r dr 


(/ + n 

-2 


0 = 0 , 


(79^7) 
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and, if we put x = er, this equation becomes 

, I dv , f (/+§) 2 l 

5 ? + ^ + i 1 -— — r = o - (79 ~ 8) 

which is Bessel's equation (73-22). The complete solution is 

V = C n J n(#) “h C — rij — n 00 > (79 9) 

where w is the half-integer / + The first three pairs of Bessel's 
functions of half-integral order, starting with n — d= -f, are 


2 [ sin at I 

/m = hr - cos x \ * 

„ 2 f cos X . 1 

= v^i“~r -smjc J ; 


7 — — 


irX 
2 


2 


( A> — i ) cos ac + — sin a; * ; 
or / x J 


^ ^ {fe* - !) sin *-(!£- 0 cos *} > 

^ ^ (- (5 - !) cos " - (3 - 0 sin *l- 

Since we are interested in solutions representing diverging waves 
and hence containing the factor e ix , we need solutions of the form 
C{jn + i( — i) n+ ^J — n } > that is, 


*>i = 


I 


It 


+ - e ix , 


X. 


V2 = vzi 

1 f 


It + ^- 4 -, 




X 


X 


, . fL 1 _ ii _ 111 

1 1 2 3 

V* V 1 * - 

h-V kV » / V 


e 


0s = ^l 

where the subscript on v represents the integer /. 


IX 


(79-10) 
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Consequently the characteristic solutions of (78-7) corresponding 
to the first three characteristic values (/ = 1, 2, 3) are 


Ax = Ct sin 2 6 1 1 + j r \ e iC<r - w °, 


A2 = C2 sin 2 6 cos 6 


1+2 

er 


! _-i-l 

r € 2 r 2 J 


i(«r — <at) 


(79-i 1) 


(79-12) 


^3 = c 3 sin 2 6 (s cos 2 L*<— (79-13) 


er e~r~ e 3 r 3 


The boundary condition at the surface of the sphere requires that 

bA 

E e , and consequently — , shall vanish for all values of 0 when r is 

equal to the radius a of the sphere. This condition determines the 
possible values of e, and therefore of the wave-length X and logarithmic 
decrement 5 of the free oscillations. In fact, since e = co/v must be 
complex for damped oscillations, we have 


co 

v 


. 5 2.7 r 

" 1 x ± T’ 


(79 -I +) 


where the sign in front of the second term must be chosen so as to 
make X positive. 

Let us consider first the fundamental represented by (79—1 1). 
The boundary condition e 2 <z 2 + i ea — 1 =0 gives 


i VI .0. <00 0.866 

€ ± = — 1 — 2 zfc 

fjLCl & d 


(79-! 5) 


The wave-length is 4ir«/-v3 and the damping constant (in time) is 
v/la . We shall direct our attention rather to the ratio of the half 
wave-length to the diameter of the sphere and to the logarithmic 
decrement 5. These dimensionless constants are: 


A. 7T O 7T 

— = —7= = 1.8 1, S = —7= = 3.6a. (79 -i6) 

4 * V3 V3 /y 

The waves are damped out very rapidly, the second oscillation having 
an amplitude less than 3% that of the first. 
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The quantity pF * is represented by the real part of the complex 
function (79-11), that is, by 

A x = Cl sin 2 e j(i - cos ^ (r - vi) 

— si n 0 — «/)}. (79 _I 7) 

2 r la ) 

The current through any cross-section of the sphere, given by 
(78-5), is 

i = 0. ircCi Ve sin 2 fle _2 “‘cos vt - — - - 

1 L 2tf 23. 

1 • t \ a ( 1 2,7r I 

or, if we change our origin of time by putting / = ? + “ + ^/%) * 

^5 (79 _ i8) 




/ = ioo sin 2 0 e 2a cos — 

2cz 


where z‘oo is the current through the equatorial plane at time t' — o. 

The field intensities E r , E 0 and F#, obtained from (7 9 — 1 1 ) by 
means of (78—4), are 
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At a great distance from the sphere the components of E and F of 
dominant magnitude are 


E e — — sin 6 e 2a cos (r — vt ), 
r * k 2 a 

Fa — — sin 6 e 2a cos ^ 

* r 2 a 


(79-20) 


Comparison with (72—23) shows that the radiation field is that of a 
damped linear simple harmonic oscillator. 

In the case of the second harmonic, represented by (79—12), the 
boundary condition at the surface of the sphere is e 3 a 3 + 3 ie 2 a 2 
— 6 ea — 6i = o. The complex roots of this cubic, which represent 
oscillations, are 


giving 


. 0.702 ' 1.807 

6 = — 1 dt , 

(79-21) 

a a 

X 

— = 0.87, 0 — 2.44. 

AS 7 

(79-22) 


This solution we shall call the normal harmonic. The wave-length is 
a little less than half that of the fundamental, and the decrement is 
about two- thirds as great. 

The boundary condition, however, is also satisfied by 

« = - i , (79- 2 3) 

a 


which represents an aperiodic motion of charge in which the heavily 
damped current never reverses its sense. We shall call this the 
abnormal harmonic. 

The boundary condition for the third harmonic, obtained from 
(79~ I 3), is e 4 # 4 + 6ie 3 ^ 3 — ii€ 2 a 2 — 45^ + 45 = o. This biquad- 
ratic has two pairs of complex roots. The pair representing the 
normal harmonic is 


. 0.842 t 2.760 
6 == — 1 rt 

a a 


(79~ 2 4) 


which gives 


X 

— = °‘ 57 > 5 = i-9 2 5 


(79-25) 
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the wave-length being somewhat less than one-third that of the funda- 
mental, and the decrement about half as great. 

The abnormal harmonic is specified by the remaining pair of roots. 


€ 


2.157 0.869 

1 rfc 

a a 


(79-26) 


which represents a heavily damped oscillation for which 

— = 1. 81, 5 = 15.60. (79-2-7) 

AfCl 


It should be noted that the wave-length of this oscillation is nearly 
identical with that of the fundamental. 

Evidently an aperiodic solution will appear for each of the even 
harmonics. 

Next we shall investigate the forced oscillations of a perfectly 
conducting sphere when plane polarized waves of wave-length long 
compared with the diameter of the sphere pass over it. Under these 
conditions the electric intensity E\ and magnetic force F\ in the 
impinging waves can be represented to a sufficient degree of approxi- 
mation by 

E x = Eoe-^, 1 



(79-28) 


over the small region occupied by the sphere, in accord with (72—14). 
Here, of course, co is real. 

If we take the polar axis of the sphere in the direction of the 
impressed electric field Ei, the boundary condition at the surface is 


E 1 sin d — E d = o, r — a. 


(79-29) 


where E 0 is the component in the direction of increasing . 6 of the field 
radiated from the sphere. 

Evidently we need the solution (79-11) representing the funda- 
mental oscillation of the sphere. From (78—4) 


+ 


er e 2 r 2 


e 3 r 3 J 


Eq — C sin 6 


i (er — u it) m 


( 79 ~ 3 °) 



348 


RADIATION AND RADIATING SYSTEMS 


Therefore the boundary condition requires that 


C = — 


e 3 a 3 


V" I — e 2 a 2 + 


e 4 * 4 


E 0 e i( “ e0+ ^, tan^ = 


e<z 


I - e 2 * 2 


(79-31) 


This gives for the field intensities in the wave radiated from the sphere 


E r = 


Eq cos $ 


V I — € 2 tf 2 + € 4 ^ 4 


f 

1 2 —3 cos { e(r — a) — of + 4 / } 


+ 2 ^ sin {e(r — «) — <0/ H- 


3 


iio sin 0 JY^ 3 e 2 a 3 \ < * 

= v;-w> lb " ~) cos { t(r ~ a) _ “ f+ * } 


+ 


e<3 


sin {e(r — a) — w/ + } 




- £0 sin 0 
M 


€ V 


* 


A/ 1 — e 2 a 2 + e 4 ^ 4 


cos {e(i — a) — co/H- \f/} 


+ sin { e(r — a) — <0/ + \p} 

The last gives for the current in the sphere 
Ik ea(l + e 2 # 2 ) 


( 79 - 3 2 ) 


i — iTrac 


M Vi + e G a 


Eq sin 2 6 cos (co/ + 1 pi), tan xpi = 


3 „3 
€ a 


(79-33) 


The current leads the electromotive force by the angle 

If we put w = € 2 ^ 2 , the square of the current is proportional to 

e 2 a 2 (i -h e 2 a 2 ) 2 


1 + e°a 


6^6 


= 1 + 


2ze> — 1 


w 


W + I 


= /(**>) 


(79-34) 


and the ratio of the half wave-length to the diameter of the sphere is 


7T 


4<2l 2 s/vQ 


( 79 - 35 ) 


Plotting f(w) against X/4 a we get the curve shown in Fig. 81. The 
function f{w) increases as the wave-length decreases, reaching a 
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maximum for X/4 a = 1.344. We are not justified, however, in asso- 
ciating /(w) with the square of the current for values of X/40 much 
smaller than 4, since the boundary condition assumed is valid only for 
wave-lengths large compared with the diameter of the sphere. 


* 



\ 

\ 

\ 



-l 

3 


_j 1 . » 1- 

4 5 6 7 

Fig. 81. 


.X 

4a 


At a great distance from the sphere the only important field 
intensities are 


E b = 


F* 


e 2 a 3 


E 0 

Vi-fV + eV r 


— sin Q cos { e(r — a) — co/ -+- \[/ } , 


======== = == A/ — — sin0cos { e {? — a) — 0 \ . 

^2 1 4^4 > </ r 


Vi-eV + eV % r 


(79“3 6 ) 


Comparing these expressions with (72,-23) we obtain the rate of 
radiation of energy immediately from (72—24). It is 

Affi'p' 2 

22 ° 4 ~~4 COS 2 { «(r - a) - a>t + * } . (79-37) 

I — e a -j - e a 



The radiation resistance R of the sphere is defined as the mean rate 
of radiation divided by the mean square current through the equa- 
torial section of the sphere. Hence 

2 //A € 2 ^ 2 

R = ^ + e V' 



The resistance increases continually with increasing frequency. 

80. Free Oscillations of Prolate Spheroidal Conductor. — The 
prolate spheroidal conductor is of great interest because, when its 
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eccentricity is nearly unity, it represents to a high degree of approxi- 
mation the straight wire antenna. In this article we shall solve the 
differential equations (78—14) for the fundamental and the third har- 
monic, the latter of which we need for our subsequent analysis of the 
forced vibrations of an antenna, and shall discuss the free oscillations 
which the fundamental represents. 

(I). Solution of the Equation in £. We start by making the substi- 
tution X — 1 — £ 2 «(£) in the first of the two equations (78—14). 

This gives for u the equation 


the left-hand member of which is identical in form with (79—1). As 
in the case of the sphere the parameter a. is not arbitrary, but is 
limited to the characteristic values ex 1, a 2 , «3> ■ * * for which the solu- 
tion «(£) remains finite over the whole range — 1 ^ ^ 1. Let us 

denote the solution corresponding to the characteristic value ai by 
ui (£). The functions U\ (£), « 2 (£), ^3 (£), * ' * are called the charac- 
teristic solutions of the differential equation. 

The differential equations for two distinct characteristic solutions 
Uk (£) and ui (£) are 


d_ 

d% 

d 






Uk 

1 - £ 2 

Ui 

1 - I 2 


+ oikUk = y 2 £ 2 #* , 
+ ociUi = y 2 £ 2 « z . 


Multiplying the first by ui, the second by Uk , and subtracting, we get 

M 1 ' - *■>«*) 


Integrating this equation over the range of £ we have 

( pn — &k) UkU\d £ — o. 


from which it follows that 


£ 


Uk uid% = o, k 7^ 1. 


(80—2) 



FREE OSCILLATIONS OF SPHEROID 


35i 


A set of functions satisfying this condition are said to be orthogonal. 
Evidently the associated Legendrian functions to which the 

equation (79-2) of the previous article leads, are orthogonal. 

To find the characteristic values and the characteristic solutions 
of (80-1) we express ai and «z(£) as power series in y 2 > writing 

ai — oiio any 2 + o>i2y 4 + * • ■, 

«z(£) = ^zo(£) + ^i(£)t 2 + «Z2(£)y 4 + • • *, 

and substitute in the differential equation. Equating terms in like 
powers of y 2 we have then 

<8 ~ 3 > 

”{ (1 — I 2 ) ~J~\ a loUll = (I 2 — «Zl)«ZOj (80-4) 

d£ [ d£ J 1 — £ 

~J -{ (i — £ 2 ) ~J “i ~2 + OC10U12 = (£ 2 — Oili)uiY ~ Cil^UlQ , (80-5) 

d£ { d£ J 1 £ 


and so forth. It is evident from (80—3) that the functions «ioj &20> u 30> 
- • • are orthogonal. In fact, as (80-3) is identical in form with 
(79—1), we see that orzo = 1(1 + x ) an d u io ~ Pli(£)- 

To obtain an we multiply (Ro— 3) by un and (80—4) by «zo> sub- 
tract, and integrate over the range of £. This gives 



— oiii)u 2 od^ 


o. 


from which it follows that 



(80-6) 


(80-7) 


Now we express both (£ 2 — ocn) li io and un as series in the func- 
tions Uio, U20 , «30j ' ’ ' > writing 

(£ 2 — an)uio — Sy/ A /* fc o, (80-8) 

rC 

un = ^iBjcUko. (80-9) 

k 
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Since (£ 2 — an)uio is orthogonal to uio by (80-6), the first series 
contains no term in uiq. 

Substituting (80-9) in the left-hand member of (80-4) and (80-8) 
in the right-hand member, remembering that each Uko satisfies (80-3) 
with ttfco = k(k + 1), we get 

Bk — HkTi^lUTT) (8 ^ Io) 

This determines each B k in terms of A k . To find Aj multiply 
(80—8) by Ujo and integrate over £. On account of the orthogonality 
of the functions uiq , U2o, • • • we get 


Aj = 


/ (£ 2 “ cti^uioUjodZ 


(80—11) 


Continuing this procedure we can find as many terms as desired 
in the series for ai and &z(£). Since uiq = Pn(£) in the problem 
under consideration, the formula 


£ 


PUi)di = 


a (/+ 1) ! 

2/ + 1 (/ — 1) ! 


(80-12) 


is helpful in evaluating some of the integrals. 

By this process we find for the fundamental oscillation (/ = 1) 
of the prolate spheroid 


ai = 2 H — y 2 y 4 -| ^ — 7* 

5 5 3 * 7 3-5 s -7 


— 8 , 

5 6 . 7 3 .ii 7 + 


(80-13) 


«i(© = Pn(& - —2 P^)r 


+ | 3 2. 5 4 P 3 l(£> + "2. 5 2. 7 2 P 5 l( 0 ]y 


3-5 5 *7 2 -II Ps1 ^ + 3 . 5 4. 7 2. I3 p 5l(^) 


+ -4 2 ^ 71 tt) T 6 + 

3 4 -5*7 2 -ii-i3 /1V ^J ^ 


(80-14) 
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and for the third harmonic (/ = 3) 

«3 = 12 + ~~ Y 2 H 4 — ^ Y 4 + 

3-5 3 -5 •“ 


«3(l) = -^31 (£) 4- 


*u(© 




(80-15) 


(80-16) 


(II). Solution of the Equation in r\ for Large Values of the Variable. 
Next we turn our attention to the second of the two equations (78-14). 
Since we are interested in a diverging wave system the function Y 
must reduce to e lyv for very large values of rj. Hence we look for a 
solution of the form Y = v(rj)e lyv where 2(77) is a series in positive 
powers of 1/77. Substituting in the differential equation we find that 

d 2 v dv a. — y 2 , 

7 ? + aiy T v ~ 7^7 0 “ °> (80-17) 

or, if we put z m i/777, 


+ 2(Z + i) 


a — y 
I + y 2 * 2 


(80-18) 


Putting for a. the characteristic value already found for the har- 
monic under consideration, we assume a solution of the form 


v = 1 4- £ 1(7 )z 4- £ 2 (y )z 4- £ 3 (y )z 4- 

and substitute in (80-18) after expanding the denominator of the last 
term in the differential equation in a power series by means of the 
binomial theorem. In this way we find for the fundamental (/ = 1) 


YiM = e‘™ 1 


1 L — - y 2 — y 4 + \ — Y 6 

y l 5 5 -7 3-5 -7 


62 8 , 
5« :'f— y + 


I f 69 .. 

+ sI'-? 2 7 " 


62 4 . 3943 6 , 

4 — 7 H 5 3 Y 4" 

3 - 5-7 3-5 -7 - 11 


1 i f 

+ 7 ;r- 
+ — {1 

c .7 l 


5 '7 3 -5 -7 3-5 -7 3 -h 


-^2- t 3 4- 75 , 9 l 4 + 

3 3 , 5 2 3 3 ’5 4 ‘7 2 ' 11 
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+ 

+ 

+ 


JLl L __*L 

S- 7 y l .1- < 2 


4 6 _ + 7^i>9J4 ..4 


3-5 

37 i 2 


3 s * 5 4 *7 2 * 11 


T + * 


3*7 

i 

3*7 T 

i 


3*5 * 11 


Y^ + 


i_ if _ 182 

*7 Y 1 1 5 2 * II 


y 2 + 


3 *ii 


1 + 


+ 


1 i f , 

1 1 + • • • 

j.117 l 

+ * * * 

and for the third harmonic (/ = 3) 


Ys(v) 


= e iyv 


+ 6-1 


“ I5 ^r 


y 2 + — y 4 + 


3 2 ' 5 


3 5 ' 5 3 * 11 


22 2 , 398 . 

T 2 + -#4 7 4 + 


3 2 *5 2 

8 


3 6 *5‘ 


L J T _3 2 , 3 2 42- 4 , 

“ I 5 s 1 " ,2^ + _3 -4 __ Y 4 + 


— IO 


7 

I 


3 3 - 5 4 * ii 


1667 


2 * 3 3 * 5 2 - 11 


Y 2 + 


l I 2521 2 


10 Y 3 1 1 3 3 • 5 2 ♦ 1 1 

- 2 i±I I + ... 

11 Y l 

- 2 ilL + ... 

II Y l 
+ * • * 


7 ^ + 


1 



(80-19) 



(80 IO) 
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The calculation of the successive terms in the solutions (80—19) 
and (80-20) affords us an excellent check on the correctness of the 
characteristic values and 0:3 already computed, for the terms in the 
latter are of just the magnitude necessary to cause each alternate 
coefficient of z (after the first four in (80-20))* to start with a power 
of y two greater than the previous coefficient. 

We shall discuss only the fundamental free oscillation. The 
boundary condition at the surface of the spheroid demands that E$ 


and consequently 


dY\ 

ch) 


shall vanish when 77 = 170, where 1/170 is the 


eccentricity of the surface of the conductor. Equating the derivative 
of (80—19) to zero and solving by successive approximations for the 
factor 03/v contained implicitly in y = (w/ v)f> we obtain 


— j 1 — 0.0606 — j — 0.0573 


0.0466 


r> + -1 



+ O.2667 2 

vo 


+ 0.1233 — i + 0.0684 

VO 



-I-O.O426 O ~f* * • * f , (80—2l) 

VO i 

where a — frjo is the semi-major axis of the spheroid. From this 
expression the wave-length X and the logarithmic decrement 8 can be 
obtained by comparison with (79—14). Unfortunately, however, the 
series converge too slowly to yield accurate values for eccentricities 
greater than 0.8. Consequently we must look for another solution of 
the differential equation which will converge more rapidly in the 
interesting neighborhood of 170 — *■ 

(HD- Solution of the Equation in rj for Sinai / Values of the Variable. 
To obtain solutions of the second of the two equations (78—14), which 
converge rapidly for values of 17 in the neighborhood of unity, we make 
the substitution / = rj 2 — 1. Then the differential equation becomes 

/i 2 V dV 

4/(1 + t) -3- + 2/— + {t 2 (i 4 - /) - «} Y = o. (80—22) 

As this equation is of the second order the complete solution is a 
linear combination of two independent primitives, which we shall 
denote by U and V. We look, therefore, for two independent solu- 
tions in powers of y 2 , the coefficients of which are functions of t. 
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Consider the fundamental, for which a. has the value ai given by 
(80—13). If we neglect all terms in y 2 and its powers, (80—22) becomes 

d 2 Y x , 


4/(1 + + 


it 


dt 


- 2 Y x = o. 


which is satisfied by both t and t log —5= * + 2 V i - 4 - 7. 

V1+/+1 

These, then, are the zero order terms in the primitives Ui and V\ 
respectively. Next we return to the complete equation (80—22) 
with cl = oil and assume a solution of the form 

U 1 — t + £ 7 n(/)y 2 + £ 7 12 (/)y 4 + • ■ *. 

After determining the polynomials £7n(/), etc., by substituting 

this in the differential equation (80-22), we assume a second solution 
of the form 

VT +7 — 1 y 

^1 = C 7 i log —7= b v 1 + / wi- 

V 1 + / + 1 

Putting for y in (80-22) we find that Wi satisfies the differential 
equation 

^C 1 + 0 C 1 + 0 “ + 8 —y-^ 7 U 1 = O, 




/a 1 '/ t 

from which it can be determined as a series in y 2 the coefficients of 
which are polynomials in t. 

In this way we obtain for the fundamental (a — c^) 


U t = t — 


+ 


( 


2-5 


#2 2 

ty — 


3*5-7 


t 2 + 


2 4 * 3 3 - K -7 * ) 


2 2 - 3 2 - 5 3 *7 


t 6 + 


(80-23) 


= C 7 i log --^±1 + Vi +/ {2 + - -/) 

V 1 -b / + 1 1 M 5 / 


+ 


+ 


/_284 
v< 3 - 


5 7 5-7 


^/+ 2 


2^5.7 


■) 


( j 

VV 


8632 115,646 


3-5*7 


3 4 • 5 6 ‘ 7 


t + 


66 7 


3 4 -5 3 -7 


2,3 ‘ 3 3 ’ 5 ' 7 


■) 


7 6 -b 


(80 2,4) 
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and for the third harmonic ( a = as) 


U s = t + 




5 


+* 4- 

3-5 + 2 S -3 2 


■) 


y 2 + 


(80-25) 


,, , Vi + / — 1 / f 1 5 

*"3 - U z log— t== hvi+ / - + 

V1+/+1 h 2 


+ 


C*-< 


1 1 


3 3 '5 2 • 3 s ' 5 


/ — 


/ 2 


2 2 -3 2 


^ T 2 + * * • | • 


(80—26) 


For the fundamental, the most general solution of the differential 
equation in rj is 

Yi — U\ + B\V 1, (80-27) 


where the coefficients A\ and B\ may be functions of the parameter y. 
In order to represent a diverging wave system (that is, to satisfy the 
boundary condition of our problem at infinity) this solution must be 
identical with (80—19). Therefore we expand the logarithm in a 
power series and replace / by rj 2 — 1 in (80—27), anc l expand the 
exponential in a power series in (80-19), and then compare coefficients. 
In this way we find that 


where 


A x ~-^a u £1 = - - b\. 


I 

3 


4 y 


(80-28) 


a\ ss I — 


2 *5 


2 V 2 4 - 3 .4 


l8 7 — <y 4 

2 y 


2 5 7 


26,021 A 

~ i 5 o 2 'y 6 + 

2 *3 ■ 5 *7 


— 1 — 0.020, oooy 2 + o.ooo,763y 4 — o.ooo,o26y 6 + •••, (80-29) 


*1 


ii- 2 
2 T 


2609 


2 ‘ 5 


= 1 


38 • 5 4 ' 7 
2 


jT* + 


3 2 >593 
2 4 - 3 4 - 5 6 - 7 2Y 


6 + 


0.380, 0007 2 — 0.010, 649V 1 + 0.000,164'Y 6 -+- 


(80-30) 


In carrying through this operation each term in ^1 and B\ can 
be calculated by comparing two or more different groups of terms in 
the two solutions in such a way that every term in each solution is 
used at least once. Therefore the calculation of A\ and B\ can be 
made to afford a perfect check on the accuracy of every numerical 
coefficient in (80—19) on the one hand and in (80—23) and (80—24) on 
the other. 
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Similarly the solution which satisfies the boundary condition at 
infinity in the case of the third harmonic is 

(80-31) 
(80-32) 


in which 


where 


Az — 
a 3 = 1 + * 

£3 = 1—“ 


Y 3 = A^Uz H~ 3j 
4 


3 ' 5 2 ' 7 


T 4 ^ 3 j 


d _ 1571 ± h 

BZ 2 3 T 3 


> 

37 


2 ’ 3 3 ' 5 




2 + 


1 — 0.0277 2 + 


(80-33) 

(80-34) 


From (80—27) we can obtain the wave-length X and the logarithmic 
decrement 8 of the fundamental oscillation for eccentricities of the 
conductor near to unity. We shall confine our attention to eccen- 
tricities so close to unity that /o = Vo 2 — 1 is negligible except in the 
argument of the logarithm. As before the boundary condition at 

dY 

the surface of the conductor is — — = o for rj — rj 0 . Equating the 

a 77 

derivative of (80—27) to zero and neglecting all terms in positive 
powers of t we get 


6 l = ± iW— , 

9 m i 


(80-35) 


where a 1 and by are the series (80—29) and (80—30) respectively, and 
1 




log 


370+1 

370—1 


(80-36) 


= I — - 7 2 / H- T 4 / — 


886 


3 4 ' 5 5 '7 


7 6 / + • 


= i — o.ioo,oooy 2 l + 0.01O32867 4 / — 0.000,5007®/ + • • • . (8o— 37) 


Evidently l is very small for eccentricities close to unity. 

Consider first the limiting case / = o of eccentricity unity, the 
ratio of the semi-minor axis b to the semi-major axis a of the elliptical 
section of the spheroid being zero. The boundary condition (80—35) 
reduces to by = o. Consequently 7 is entirely real and the decrement 
is zero. This does not mean that no energy is radiated from the 
spheroid, but rather that the energy stored in the electromagnetic 
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field is infinite compared with the energy radiated during a period of 
oscillation. Solving for y we find 

y = i-57° 8 (80-38) 


correct to five significant figures. This is exactly 71-/2. Hence, as 
f = a in this case, the half wave-length is exactly equal to the major 
axis of the spheroid. 

To discuss eccentricities slightly different from unity, we multiply 
(80-35) by mi/ai. Combining the series represented by a ± 9 b\ and m 1 
this yields the formula 

1 — (0.360,000 + 0.200,000/) y 2 — (o.oi8,6i2-o.o82,286/)y 4 

+ (0.000,093-0.000,48 1 /)y 6 = 0.444, 444i/y 3 . (80-39) 

We know that y cannot differ greatly from 7r/2 over the range to be 
considered. Hence we put 


y = 



— g — iA). 


A few trials indicate that sufficient accuracy is obtained by retaining 
terms in g, h , gh, h 2 and neglecting higher powers. Then (80-39) 
leads to the simultaneous equations 

(2.2214 — 0.9735/)^ + (1.5472 “ 2.4039/)^ = 5.1677 l(h — 2 gh), 

(2.2214 — 0.9735 l)h — (3.0944 — 4.8078/)^ = 1.7226/(1 — 3 g — 3^ 2 )> 

which we may solve for g and h for any given value of /. In the range 
of eccentricities under consideration it is unnecessary to distinguish 
between a and /. 

In Table I are listed values of the ratio X/4 a of the half wave- 
length to the major axis of the spheroid, and of the logarithmic 
decrement 5, for six small values of /. In the second column are 

TABLE I 

Wave-Lengths X and Logarithmic Decrements 5 for Fundamental Free 
Oscillation of Spheroids of Eccentricities Near to Unity 


l 


X/ 4 rt 

8 

0.000 

0.020 

0.050 

O.080 

O. IOO 

O. 125 

O. OOO 

1.0 22 (lo)~ u 
3.344 (io )~ 6 
I.420 (io) 3 
4.958 (io) -3 
I.348 (IO) 2 

1 . 000 

1 . 001 

1 . 004 

1 . 009 

1 . 0 1 5 

1 ■ °~3 

0.000 

0. 098 
0.247 
0.396 
0.494 
0.613 
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given the corresponding values of the ratio b/a of the semi-minor to 
the semi-major axis of the elliptical section of the spheroid. Finally 
in Fig. 82 are plotted ( a ) the ratio X/4 a and ( b ) the logarithmic 
decrement 5 against the eccentricity i/^o all the way from eccentricity 





zero (sphere) to eccentricity unity 
(straight line), the data for eccen- 
tricities less than 0.8 being ob- 
tained from (80—21). 

As regards the third har- 
monic, the series and £3 have 
not been carried to a sufficient 
number of terms to enable us to 
compute the wave-length and 
the logarithmic decrement of free 
oscillation. 

81. Forced Oscillations of 
Prolate Spheroidal Conductor. — 

In this article we shall discuss 
the oscillations of a perfectly 
conducting prolate spheroid 
forced by an electric field Ecc~ xo>t 
parallel to its axis, which, as 
before, we shall take as the X 


axis of our coordinate system. Such an exciting field can be pro- 
duced by allowing plane electromagnetic waves to pass over the 
spheroid. As, however, the assumption of a uniform field over the 
region occupied by the conductor is a valid approximation only when 
the wave-length is long compared with the width of the spheroid, 
we are limited in our discussion of oscillations in the neighborhood 
of resonance to eccentricities close to unity. Fortunately this is the 
region of greatest interest. 

First we set up the boundary condition at the surface of the 
spheroid. If x is the angle which the unit vector (Art. 78) makes 
with the X axis, we find, by differentiating (78—9), that 


tan x = — 

with the aid of (78—11). 

cos x = v 


xi 7 2 — 1 
P V 2 

Consequently 



i 

V 



(81-1) 
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If, then, Ez is the tangential component of the electric field pro- 
duced by the oscillations of the spheroid, the boundary condition at 
the surface of the conductor is 


+ Vo 

which must be satisfied for all values of £. 

Expressing E$ in terms of A by means of (78—4) and remembering 
that /170 is the semi-major axis a of the spheroid, the boundary con- 
dition reduces to 

(~) = iyfiya(i - £ 2 )£ 0 e- l “‘ 

\orj / 0 ^ fJ- 

= i J-yaP^O Vi - e E a e~ ia \ (81-3) 

where the subscript o appended to the derivative indicates that 
V = Vo- 

Evidently A must be a linear combination of the solutions of 
(78-13) representing the odd harmonics, that is, 

A — \Cini{£)Yi(ri) + CaNa(£)Ya(r}) 

+ + • • • } V I — e lcat , (81-4) 


4 


I — ¥ 

~2 p 
VO ~ K 


E 0 c~ iMt = o, 


(81-2) 


where «i(£) and « 3 (£) are given by (80-14) and (80-16) respectively, 
and Yiirj) and Y^(i 7) by (80-27) and (80-31) respectively. The coef- 
ficients Cl, C 3 , C 5 , * • * fall off so rapidly with increasing index that we 
can neglect the terms in the fifth and higher harmonics. Determining 
Ci and C3 by substituting (81-4) in (81-3) and equating coefficients 
of like associated Legendrian functions, we find 



To save writing we shall put 

k = 27 rc 



aE 0 . 


(81-7) 
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Then it follows from (78-5) and (81-4) that the current i 0 at the 
center £ = o of the antenna is 





8 


3*5*7 



11 \ (o) 


Yj (170) 




From (80—27) we find 

Y^vo) = % 1 fi, 

2 7 


e~ io>t . (81-8) 


(81-9) 



3 L ^1^1 
2 7 l 




(81-10) 


to a sufficient degree of approximation for eccentricities so near to 
unity that /o may be neglected everywhere except in the argument of 
the logarithm. Here 


r _ T | 1 2 8 9 4 , 733 a , 

Cl= + 2. 5 2T “ 2 3. 5 4. ? 2T +-4. 3 4. 5 5. 7 2'Y + *’ 

= i + 0.020, oooy 2 — o.ooo,363y 4 -f- 0.000,0047 s + 


= /*i(o) 


(81-11) 


We note that c x is the reciprocal of the series a x given by (80-29). 
Similarly from (80—31) we obtain 


Y s (rj 0 ) 



525 _i 

2 3 7 5 


15251 *8 (l _ 2 a , 

2 2 t 3 1 y 1 30 -r 


8 


3*5-7 


T 4 , 


(8l-I2) 

(81-13) 


to a sufficient degree of approximation. In fact, we need retain only 
the first term in the series (80-34) for and may neglect the real 
part of (81—13) as compared with the imaginary part. 

Put 


s 1 = 1 — 


5 4 *7 


7 4 + 


8 


3 * 5 e * 7 


T 6 + 




0.000, 4577 4 ~b 0.000,0247 s -J- - . .. 


(81-14) 
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Then, substituting (81—9), (81— 10), (81—12), (81—13) in (81—8) we 
find for the current z'o at the center of the antenna 



(Wi 2 )(£/ 7 8 *i) 

(4^1)2 + {hmi) 2 


( 'Jysic 1 2 ) (hm) 

(jf/y 3 ai ) 2 + (^i?»i) 2 



3 °° 



(81-15) 


to a sufficient degree of approximation. It is seen that the third har- 
monic contributes only a very small term to the imaginary part of 
the current. 

The square of the current amplitude z'oo at the center is 




(/TJid 2 ) 2 If 

(-|-/y 3 ^i) 2 4- (bymyfll 



by (l + 



(8x-i6) 


with neglect of the square of the third harmonic. To find the fre- 
quency of resonance we must equate to zero the derivative of this 
with respect to 7, or, more conveniently, with respect to 7 2 . This 
leads to the formula 


by 


o.i475o/ 2 7 6 


1 — 0.00560/ 

(x - 0.43837/) 2 5 


(81-17) 


where, in the very small right-hand member, we have replaced 7 by 
7r/ 2 in the numerator and denominator of the fractional factor. The 
justification for this lies in the fact that the values of 7 computed 
from (81-17) are found to differ very little from 7 t/ 2 in the range under 
consideration. 

In Table II are given the ratios X/ 4*2, z'o/& e -1 "*, z"oo/£ and the 
angle \pi by which the current leads the electromotive force, at reso- 
nance, for six values of /. In the second column of the table is given 


TABLE II 

Wave-Lengths and Currents at Resonance 


l 

b/a 

X/ 4 <? 

i a / ke~ lut 

*00/ k 


0.000 

0.020 

0.050 

O.080 

O. IOO 
O. I25 

0.000 

1.022 (10) ~ u 
3.344 ( r 0) -B 
1.420 (10) 3 
4.958 (io) -3 
1.348 (10) ~ 2 

1 . 0000 

1 . 0004 

1 . 0027 

1 . 007 

1 . 01 1 

1 . 017 

1 .045 

1 .045 — 0. 0281 

1 .045 — 0. 0711 
1.045 — 0.1131 

1 . 045 — 0. 141 i 

1 .046 — 0. 1751 

1.045 
r .045 

1 . 047 

1 . 050 
1.055 

1 .061 

o°.o 

i °-5 

3°- 9 

6°. 2 

7 °- 7 
9 °- 5 
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the ratio of the semi-minor axis b to the semi-major axis a of the 
spheroid corresponding to the assumed value of /. 

It will be noted that the real part of the current is substantially 
the same for all values of l considered, and that the current leads the 
electromotive force at resonance for all values of l greater than zero 
by an angle \pi which increases with increasing /. For / = o the half 
wave-length is exactly equal to the major axis of the spheroid as in 


Fig. 83. 



(b) 2 

Fio. 84. 


the case of free oscillation, but for values of / greater than zero the 
resonant wave-length is slightly shorter than the wave-length of free 
oscillation. Experiments on antennas in the form of right circular 
cylinders indicate that the half wave-length at resonance is from five 
to six per cent longer than the antenna. This is in satisfactory quali- 
tative agreement with our calculated ratios of X/a to for the prolate 
spheroid, for the diameter of a prolate spheroid falls to half of its 
maximum va ue at a distance x = 0.86 6 a from the center whatever 
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its eccentricity may be, and consequently the prolate spheroid which 
best fits a right circular cylinder is one which is slightly wider at the 
center and somewhat longer, as illustrated in Fig. 83. We may call 
this prolate spheroid the equivalent spheroid for the given cylinder. 

In Fig. 84 are plotted resonance curves for / = 0.02, 0.05 and 0.10. 
The abscissa in each curve is the ratio co/ov = y/y r of the frequency 
to the frequency at resonance. In ( a ) is given the ratio ioo/k at the 
center of the antenna, and in (J?) the angle 1 pi by which the current 
leads the electromotive force. 

Next we shall investigate the distribution of current along the 
antenna. In this calculation we shall neglect the small contribution 
to the current made by the third and higher harmonics. Indeed, 
when / = o, it is clear from (81—15) that the current is due entirely to 
the fundamental. 

Let i z be the current at a distance from the center of the antenna 
specified by the coordinate £. As /i 70 = it follows from (78—1 1) 
that £ = x/a. Then we have from (78—5) and (81—4) that 


h = V 1 - f «i (£> 

*0 «l(o) 


(I 




5 2 ’ 7 


y 2 + 


8 


5 4 * 7 


0 


+ 





G 


^■f'5- 7 



(81-18) 


If we put p for the ratio of the frequency for which it is desired to 
evaluate (81-18) to the frequency for resonance with / = o, then 
p — 7/1.5708 and (8 i-t 8) becomes 


-1 = (1 — £ 2 ) { 1 — o.24674p 2 (i — 0.05640/) 2 -|- 0.0037 1/) 4 ) £- 
*° * . 

+o.o2.i74/> 4 (i — o.o 8773/) 2 )£ 4 — 0.0009 q/Z^H — • }. (81-19) 

When p = 1 this expression reduces to 

= (l — £ 2 ){i — o.2^37£ 2 + 0.0 1 98 £ 4 — o.ooiof -j- • • • }, (81-20) 

*0 

which is exactly cos — £ to the fourth decimal place. The latter func- 

tion is found to represent the measured distribution of current along 
thin antennas at resonance within the experimental error. At fre- 
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quencies off resonance our formula shows that there is an appreciable 
deviation from this simple cosine law. 

When the antenna is oscillating steadily, the mean rate of absorp- 
tion of energy must equal the mean rate of radiation of energy. 
Therefore we can calculate the radiation resistance from either of 
these equal quantities. As a check on our analysis we shall calculate 
it from both. 

To compute the rate of absorption of energy we need the electro- 
motive force dZ> along each element of distance d\% at the surface of 
the spheroid in the direction of increasing £. From (78—12) 


d\ > 




- a 2 

2 “ d^ 


(8l—2l) 


and consequently, with the aid of (81— 1) and the relation fyo — a, 

dZ = E 0 e~ iut cos X d\ = E 0 &~ iut ad£. (81-22) 

This must be multiplied by the part of the current in phase with 
the exciting field, integrated over £ and then averaged with respect 
to the time. Since the part of the current in phase with the electro- 
motive force involves the fundamental only, the ratio of this part 
of the current at any £ to the same part of the current at the center 
of the antenna is given exactly by (81-18). Hence from (81-15) 
and (81—22) we obtain for the mean rate of absorption of energy 

(/WlW« 1) 


0 >= \kEo 

But 


2 ’ dh 3 ai ) 2 + O^i^i) 2 


jy^ 


u l(£)dl; 


± f'v 

C\J~\ 


1 — r «!({)</{. (81-23) 


^n(£)«i(€)^€ = f 


from (80—14). Consequently, recalling the relation a\C\ — 1 and 
expressing k in terms of Eq by means o f (81-7), 
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2 s 2 i 

a f <*1 


cEj 


(/ysxd 2 ) 2 


27 * m ' X 2 /1 dh 3 ai ) 2 + (^i"2i) 2 

in terms of the amplitude Eq of the exciting field, or 


(81-24) 
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(81-25) 


c X Si L 150 

in terms of the amplitude z'oo of the current at the center of the 
antenna. 
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Dividing the mean rate of absorption of energy by the mean 
square current ^200 at the center of the antenna, we find for the 
radiation resistance R 


R = 



150 


^1(1 + §0 


(81-26) 


We may replace / by a for eccentricities nearly unity, obtaining for 
the radiation resistance R p in ohms 


R p = 87.670 




b \ (1 + 



(81-27) 


In Table III are given the radiation resistances at resonance for the 
six values of / considered before. In a typical antenna the ohmic 
resistance is of the order of magnitude of one per cent or less of the 
radiation resistance. Consequently we have made only a negligible 
error in treating the oscillating spheroid as a perfect conductor. 
Measured values of the resistance at resonance agree well with those 
in the table. 

TABLE III 

Radiation Resistance at Resonance 


■ 

l 

\/^ Rp (ohms) 

0.000 

73 - 1 

0 . 02.0 

73 -o 

0.050 

72. 8 

0.080 

7 2 -3 

0. 100 

71 . 8 

0. 125 

7!. 1 


To illustrate how the radiation resistance varies with frequency, the 
quantity V k/h R p is plotted against the ratio co/co r of frequency to 
frequency at resonance in big. 85 over a range extending from a 
frequency 1 5 per cent below resonance to one 1 5 per cent above 
resonance. The upper curve is for l = 0.050 and the lower for 
/ — o. 100. Both curves are very nearly straight lines over the range 

of frequencies considered. 

Finally we turn our attention to the electromagnetic field o t e 
oscillating antenna. The three non-vanishing field components E 
p F+ are given in terms of A and its derivatives by (78-4). Usmg 
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the expressions for a u and a v specified by (78-12) for prolate spheroidal 
coordinates, we have 




dA 


i P 1 

1 \ k T/ V (i — £ 2 ) (r ) 2 — £ 2 ) dr] 

. [m T. I dA 

_ 1 v K7 /V( n 2 - i)(r, 2 - J 2 ) 3f 5 


(81-28) 
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by 


Since the coefficient C 3 in (81-4) can be expressed in terms of Ci 
the relation 



ib\ 


3 2 *5 4 ' 7 



to a quite sufficient degree of accuracy for frequencies near to reso- 
nance through the use of (81-5), (81-6), (81-10) and (81-13), we 
have for A 


A J 2 

A h 2 si 

371-c 


^ly z a\ — \b\77i\ 


7 Au^)Y 1 (r{) 


(|-/t 3 ^i) 2 + (b^n-i)' 

^i-T 4 «3(?)r 3 w| VT 


3 2 ' S' 


« 2 e 


— i a>t 


(81-29) 


At a distance from the nearest point on the antenna not less than 
the semi-interfocal distance f the field components are specified to 
better than one per cent by using the functions (80—19) an d (80—20) 
for Yi(i7) and Yz(rj) respectively, although very close to the antenna 
it is necessary to use (80—27) and (80-31). 
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Evaluating the three expressions (81—28) from (81—29) with the 
use of (80—19) and (80—20), and ignoring all terms in powers of 1/17 
higher than the first, we find for the components of the radiation field 





Iy 2 s 1 1 1 

/ VV — (|-/t 3 ^i ) 2 + ( b x mx ) 2 
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where 
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tan i/' = 




(81-30) 


( 81 - 31 ) 


For small /, then, \J/ is nearly zero at resonance, nearly 71-/2 below reso- 
nance, and nearly — 71-/2 above resonance. 

As the Poynting flux in the direction of increasing 77 is —cE^F^ and 

the element of area of a spheroidal surface is 27 t/ 2 'V / (t ? 2 — £ 2 )(77 2 — 1) 
the mean rate of radiation of energy is 
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«i(£)} (81-32.) 


in which we have made use of the relation = 1 and have neglected, 
as before, the square of the third harmonic. From (80—14) and 
(80—12) we find 





8 


3 * 5 ° * 7 





( 8 i- 33 ) 


where J’i is the series defined by (81-14). Therefore 

f? _ 64 ^ F i'V! V (W,Y _ 

■' 27 V X 2 J, (;V/y*«i) 2 + (/■’!«. 


(8 1 - 34 ) 


This agrees with (81—24), confirming our previous calculation of the 
radiation resistance. 
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ELECTROMAGNETIC THEORY OF LIGHT 

82. Field Equations. — Light waves differ from the electro- 
magnetic waves discussed in the last two chapters only in their very 
short wave-length. This minuteness of wave-length, however, 
introduces two important simplifications into the electromagnetic 
theory of light. First, we need consider only plane waves, for the 
nearest point to a source of light at which we can make observations is 
so many wave-lengths from the radiating atom or molecule that any 
small portion of the wave front has the essential properties of a plane 
wave. Second, the inertia of the Amperian currents in a magnetic 
medium is so great that they are unable to follow to any appreciable 
extent the rapid oscillations of a light wave. Consequently all media 
act as if they had effectively unit permeability, and, except in the 
case of an optically active medium, we may put B = F = H. 
Therefore we need consider, in general, only dielectric properties and 
conductivity in discussing the propagation of light in a homogeneous 
material medium. 

In an anisotropic medium 

D = K*E, pV = SE, (82-1) 

where K is the permittivity dyadic and 2 the conductivity dyadic; 
whereas in an isotropic medium the simpler relations 

D - kE. P V = <rE, (82-2) 

suffice, where k is the permittivity and a the conductivity. The 
isotropic medium can, however, be considered as a special case of the 
anisotropic medium in which K = kI and E = <rl, where I is the 
unit dyadic. 

Since we intend to confine our discussion to a steady state of 
simple harmonic radiation, the field vectors D, E and H are of the 
form 

D,E,H = A 0 e k ' (S ' r-0 ) 

37o 


(82-3) 



FIELD EQUATIONS 


37i 


where A 0 is a constant vector amplitude, S the vector wave-slowness, 
and r = ix jy kz the position vector of the field-point under 
consideration. As in our previous discussion of simple harmonic 
waves, 


d_ 

dt 



(82-4) 


Therefore, the equation of continuity (62—1) gives for the free 
charge density 

m 

P = - - V-S-E. (82-5) 

CO 

If, then, we put 

« = K + - S (8a-6) 

w 

and write 

D e 3= <P-E, (82.-7) 

the field equations (62-12) become 

V-D e = o, (a) V-H = o, (b) 

1 . 1 . ' (82 — 8) 

V X E H, (r) V X H = -D e . {d) 

c c 

As these equations are identical with the field equations for a 
non-conducting dielectric with electric displacement J > e , we shall 
call T> t , the effective electric displacement. If the medium is non- 
conducting, D c becomes the true electric displacement D. 

Taking the curl of (82-8c) and the time derivative of (82-8^ 
we eliminate H in the usual manner, obtaining the wave equation 


V -VE — VV -E = -5 De- (82-9) 

c 

While V D e = o in accord with (82-80) in all cases, this equation leads 
to the vanishing of V"E only in the case of an isotropic medium. 
Therefore we cannot omit the second term on the left of (82-9) in 

general. . 

Since, in this chapter, we shall be concerned only with waves 

of constant vector amplitude Ao, the coordinates appear only in the 
exponent of (82-3). So, as S - r = S x x + S y y + S*z, it follows that the 

operator V is given by 


V = iwS. 


(82-10) 
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Therefore, if we make use of (82-4) and (82-10) and write S 0 
for the wave slowness i/c in vacuo , the field equations (82—8) and the 
wave equation (82—9) become 

S*D e = o, ( a ) S-H = o, W I 

S X E = S 0 H, (r) S X H = -S 0 D e) W) 

and 

S-SE - SS-E = S 0 2 D e . (82-12) 

We see from (82-110) and (82-11 b) that and H are always 
perpendicular to S and therefore lie in the wave front, and, from 
(82—12), that E, although it may not lie in the wave front in an 
anisotropic medium, always lies in the plane of D e and S. Further- 
more, by taking the scalar product of (82-1 id) by H we find that H is 
at right angles to D e as well as to S, and by taking the vector product 
of (82—11*/) by H we see that D e X H has the direction of S. In 
fact, by taking the vector product of (82—11*/) by S, we obtain the 
expression 

H = |§ S X D. (82-13) 

for the magnetic intensity. Finally, from (82-12) we find that, if 
£j_ is the component of E perpendicular to S, 

Ex = De- (82-14) 

As the phenomena of light propagation are so different in isotropic 
and anisotropic media we shall not carry our general analysis farther 
but shall study four special cases: (I) a conducting medium which is 
isotropic in both permittivity and conductivity, (II) a non-conducting 
anisotropic crystal, (III) a non-conducting isotropic dielectric in a 
uniform external magnetic field, (IV) a non-conducting isotropic 
dielectric which is optically active. 

83. Homogeneous Isotropic Medium. — In the case of a static or 
slowly varying field the permittivity tc of an isotropic medium is a 
constant independent of frequency. In fact, we were able to make a 
rough calculation of the value of this important constant in article 63. 
In a rapidly oscillating field, however, the situation is quite different, 
and k is a complex function of frequency which we must determine 
from the equation of motion of the bound electrons. The only effect 
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of an oscillating electric field on the permanent electric dipoles in a 
dielectric is to cause angular oscillation, and the moments of inertia 
of the permanent dipoles are presumably too large to permit them to 
follow to any appreciable extent the rapid changes of electric inten- 
sity in a light wave. Hence we attribute dielectric properties at high 
frequencies solely to the induced dipoles in the medium, that is, to the 
oscillations of electrons bound to the atom by an elastic force pro- 
portional to the displacement of the particle from its position of 
equilibrium. In addition we assume that these electrons are subject 
to a damping force proportional to the velocity. 

(I) Unlimited Wave Trains. First we shall consider the steady 
state existing after waves have been traversing the medium for a 
time long compared with the period of oscillation. If r is the vector 
displacement of a bound electron from its equilibrium position, the 
equation of motion of the electron in an impressed electric field Ei 
and magnetic field H is 


d 2 x 
dt 2 


dx 7 „ 

+ a/- + ^ r 


e f i dx 

— 1 Ei H — X H 

m l c dt 


(83-O 


provided we retain only the first term in the kinetic reaction (57~ I 3)> 
in which the variation of mass with velocity is neglected. In this 

dx 

equation — iml — is the damping force and — mk 2 x the force of 

restitution. While H represents the mean magnetic intensity in the 
medium due to the light wave, Ei is the sum of the mean electric 
intensity E and ^P, in accord with (63-3). 

Since Ei and H are of the same order of magnitude, and 

is very small compared with c, the second term on the right-hand side 
of (83—1) is negligible compared with the first, and will therefore be 
omitted. Then, making use of (8:1-4), 

{ (k 0 2 — co 2 ) — i\ul\ r = — E t 


dr 

dt 


and, if there are TV such bound electrons per unit volume, the polari- 
zation of the dielectric is 


P = Ncx = 


Nc‘ 


(&0 2 — co 2 ) — zico/ m 


El 


(83-2) 
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The coefficient of Ei in this equation is the constant a appear- 
ing in (63—6). Now, in accord with (63-10), 


1 + 


K 


So, if we put k 2 = ko 2 — Ne 2 j^m, we have 


I - fa 


F = i+ “ 


I — fa 


Ne 2 


K. = I + 


m 


Finally, writing 


(k 2 - CO 2 ) - iW 


K = k' 4 - i *" 


(83-3) 


(83-4) 


where k' and k" are respectively the real and the imaginary parts of 
the permittivity, we find that 

(* - «* 


k' = I + 


m 


(k 2 - u 2 ) 2 + 4 ’ 

Ne 2 


(8 3 - 5 ) 


2co/- 


= 


772 


(. k 2 - CO 2 ) 2 + 4 co 2 / 2 


(83-6) 


We have assumed a single type of bound electron. If, more 
generally, there are present several types distinguished by different 
values of the coefficients k and /, 


- _ , , f! v' ~ 

m . ^ — co 2 ) 2 + 4c o 2 l 2 y 

,, = iNjjuIi 

m ( k 2 — co 2 ) 2 + 4co 2 A 2 * 


(83^7) 


(83-8) 


where Ni is the number of electrons of type i per unit volume. 

For the propagation of plane simple harmonic light waves in an 
isotropic medium, then, the constitutive relation (82—7) becomes 

T> e — j/c' + i ^ j E. (83—9) 


Except for the manner in which they vary with frequency, it is impos- 
sible to distinguish between the physical effects of the conductivity 
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a of the medium and of the imaginary part k" of the dielectric con- 
stant. 

As E has the direction of D e in an isotropic medium, S*E = o. 
Therefore the wave equation (82—12,) reduces to 

S 2 = So 2 { k ' + i («" + £)} (83-10) 

if we express D e in terms of E by means of (83—9). Since this equation 
requires the wave-slowness to be complex, we put S = S' + iS". 
As was shown in article 74, S' is the reciprocal of the actual velocity of 
propagation, and a>S" measures the attenuation of the wave as it 
progresses into the medium. The index of refraction of the medium is 

”^§o = V*' + i ( K " + ~) (83-11) 

As n is in general complex, it is customary to write 

n = „(i 4- ix). (83-12) 

Then v represents the ratio of the velocity of light in vacuo to the 
actual velocity in the medium, and x is a measure of the absorption 
of the medium. In fact t cS" = ooSqJ'X = coS'x* But c oS' = 2ir/X, 
where X is the wave-length in the medium. Hence the field vectors 
in a wave advancing through the medium in the X direction contain 
the factor e -2,rxx/x , indicating that the amplitude falls to i/e times 
its original value in a distance X/ 27 tx- The quantity x is sometimes 
called the index oj absorption. 

Comparing (83-12) with (83-11) we find that 

* 2 (l ~ X 2 ) = ^ 2 X = k" + - * (83-13) 

CO 

The term k" in the second expression is a measure of the electromag- 
netic energy dissipated in maintaining the oscillations of the bound 
electrons and the term in <x of the energy converted into heat in 
producing a current of free electrons. Eliminating x we obtain 
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In a non-conducting dielectric in the region of transparency 
<r = o and k" < 3 C k'. Hence v 2 = k ' and x = o. On the other hand, 
in a metal of high conductivity, such as silver, k! and k" are very 
small compared with cr/co and, to a first approximation, v 2 = a/lco 
and x = i. 

Next we shall write down the magnitudes of the three field vectors, 
£, B e and H. If 

E = ^ 0 e-" s ''- r e iw<s '‘ r - <) , (83-16) 

then, from (82-14), 

B e = n 2 E = w 2 ^ 0 e“ wS,/ ' r e iw(S, * r “ i) (83-17) 

since E is perpendicular to S, and, from (82—13), 

H = nE = ^ 0 e““ s "' r e i ‘ o(S/ * r - t) . (83-18) 

When the index of refraction n is complex, no two of the three field 
vectors are in phase. The vectors E and H are at right angles to the 
direction of propagation of the wave and at right angles to each other 
in such a sense that E X H has the direction of propagation. 

The dispersion of a non-conducting dielectric is specified by 
(83—14) with <r = o, the quantities k ' and k" being given by (83—5) 
and (83—6) if only one absorption band lies in the neighborhood of t he 
frequency range under consideration, or by (83-7) and (83-8) if the 
effect of two or more absorption bands has to be taken into account. 
We shall discuss the first case in some detail, assuming the damping 
constant / to be small compared with the natural angular frequency k 
of the bound electrons. 

First, for frequencies remote from resonance (co not nearly equal 
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to k) we can neglect 2c ol compared with k 2 co 2 . In this range of 

frequencies (83-5) and (83-6) give 


k' = 1 4- 


k‘ 2 - 


, —negligible. 


(83-19) 


where we have put a = Ne 2 /m. Consequently (83-14) and (83-15) 
reduce to 


„ 2 = K ' = 1 4- 


k 2 - co 2 * 


X negligible. 


(83-20) 

(83-21) 


As x is negligibly small this is a region of transparency. The index 
of refraction is entirely real, v 2 increasing with increasing frequency. 
For co < k, v > 1, whereas for co > k> v < 1. For common trans- 
parent dielectrics the nearest important absorption band is in the 
ultraviolet and consequently v > 1 in the visible region. 

When 03 — ky 


k! = I, /c' 


2Co/ 5 


and 


■'-il'i 7 


+ 4 & 2 / 2 + 1 


1 + 1 


(83-22) 


( 83 ~ 2 3 ) 


(83-24) 


If ikl <£ a, as is generally the case in solid or liquid dielectrics, 
X is of the order of magnitude of unity and the radiation is strongly 
absorbed. In this region the dielectric is opaque. 

To cover the entire range of frequency, we put k 2 — 03 2 = 
pa cos 9 and 2c ol e= pa sin 6. Then p^ a 2 = ( k 2 — co 2 ) 2 -T 4C0 2 / 2 and 

tan 6 = 2 03// (k 2 — co 2 ). Consequently k' = 1 4 * - cos 6 , k" = sin 0 and 

v 2 = — j a/ p 2 + 2p cos H 1 + (p + cos 0) } , (83-25) 

ip 

X = { Vp a 4- 2p cos 0 + 1 — (p 4 - COS 0) } , (83-26) 

sin 0 

showing that v and x are functions of only two parameters, p and 6. 
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If, now, we put x sa p cos 0 = (k 2 — w 2 )/a,y = p sin 0 = aw//<z, 
we obtain, on eliminating «, the parabola a 2 y 2 = ^{k 2 — ax ), whose 
intercepts are Jp j a on the X axis and =fc ilk, /a on the Y axis. The 
upper half of this parabola is plotted in Fig. 86, where AO — i. If 



(b) 



AP - BP 

x = — 33 — • (83-28) 

As o) increases from o to 00 5 0 increases from o to x, being equal to 
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7r/a for the resonance frequency to = k. The three cases 6 < tt/i 3 
6 — 7 r/Q., 0 > 7 r/2, are illustrated in the three parts ( d ) 3 (b ) 3 ( c ) of 
the figure, which is drawn for the values 1 ? I a = r, Efa — o.oc 
These make //£ = o.i. 

1'he dispersion curves for these values of the parameters are drawn 
to scale in Fig. 87. The solid curve represents v — 1 and the broken 
curve x, both being plotted against the ratio u/k of the frequency of 
the radiation to the natural frequency of the electronic oscillators. 

I he dispersion is said to be normal in the region mn of trans- 
parency where the real part of the index of refraction increases with 
increasing frequency. In the absorption band no the quantity v 
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decreases very rapidly to a value less than unity as the frequency 
becomes greater. This phenomenon is known as anomalous disper- 
sion . Finally, as the absorption band is passed, v rises rapidly, 
approaching unity asymptotically as the frequency increases. If a 
second absorption band lies a little further to the right, it will soon 
make its effect, felt by increasing v to a value greater than unity. 

A special case of the foregoing theory, which is of much interest, is 
that of a homogeneous free electron or ion gas. As was shown in 
article 63 the electric field acting on free particles is represented by 
the mean electric intensity E. Hence k = 1 -b a, where a is the ratio 
of P to and, as the particles are subject to no force of restitution 
and, presumably, to no appreciable damping, k 0 = l = o. There- 
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fore, replacing Ei by E in (83-2), we 
is given by 


k = 1 


Ne 2 

mm 2 


find that k is entirely real and 


Ne 2 

\T 2 mc 2 


X 2 


(83-29) 


for a wave-length X. In actual examples of interest, the number of 
electrons per unit volume is so small that the magnitude of the second 
term is very much less than that of the first. Then 


n 



1 — 


Nf_ 

%-K 2 mc 2 



(83-30) 


As in the region of anomalous dispersion, we have here an index of 
refraction less than unity. Since » — 1 is equal to a very small 
constant multiplied by X 2 , the effect is inappreciable in the optical 
region, but becomes of importance in the region of long waves, such as 
those used in radio-communication. As the phase velocity increases 
with increasing density of free ions, the bending of radio waves so 
as to follow the curved surface of the earth can be explained by the 
increased ionization at higher altitudes. 

It is important to note that although the phase velocity specified 
by (83—30) is greater than c, the group velocity is less. For, if we 
denote the first by V and the second by U , we have 


V = 


+ 


Ne 2 
8 it 2 me 


X 2 


(83-3 0 


from (83—30). Hence the group velocity 1 217 is 


U= V — 




( 83 - 3 2 ) 


The energy which the bound electrons in a dielectric gas absorb 
from radiation passing through the medium is generally re-radiated 
as fast as it is absorbed in the form of waves which are related both in 
phase and in polarization to the incident waves. This phenomenon, 
known as coherent scatterings we shall now investigate. As the 
absorption of a gas is small, we can take k to be real in the following 
calculation. 

*L. Page, Theoretical Physics , 2nd Edit. p. 251. 
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Since P = (k — i)E, the electric moment pjg? of a single molecule 
in a homogeneous gas containing N' molecules per unit volume is 


— I _ K — I __ 

E = : — E 0 e 

N' N 0 


— i&t 


where E 0 is the vector amplitude and o> the angular frequency of the 
incident radiation. Take the X axis (Fig. 88) in the direction of 
propagation and the Y axis in the direction of E. Then the Z axis 
has the direction of H. Introducing spherical coordinates r, 0, 

Y 



Fig. 88. 

with OY as polar axis, we have from (72-23) for the radiation field at 
a distant point P of an induced dipole located at the origin O the two 
non-vanishing components 

E„ = - U — ~t~ • Eo sin 0 

4-Tvy Nr 

s/~k(k - T ) e 2 i («— *) 

ri 4, = — -fto ‘ sin 0 e > 

471-7 TV r 

where e = - = wS and, if the molecules are treated as spheres, 
v 

y — (2 k -f- i)/3- Since, however, we are interested in a gas, for 
which k is very nearly equal to unity, we can put y — i, y / k = 1 and 
K — 1 = n 2 — 1 = 2(;z — 1), where ;/ is the index of refraction. 

Hence we write 

F. s = //*=- ^ 7 ^ E,> sin 0 (83-33) 

where X is the wave-length. This gives for the mean Poynting flux at P 

- 27 T f(w 0 “ , , <> . 9 /> /o_ _ \ 


J — Cpgf I — 


yv'“\'V 2 


/Cq 2 sin 2 0, 


( 83 “ 34 ) 



(83-35) 
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and for the mean rate of radiation of energy 


-£ 


s 2 tt r 2 sin 6 dd = 


167 r 3 c(n — i) 5 

3N /2 \ 4 


Ej 


As the molecules of a gas are not regularly spaced they may be 
considered to scatter independently. Hence, as there are N' mole- 
cules per unit volume, the energy scattered by the molecules located 
in a rectangular parallelopiped of length dx and unit cross-section is 


167 x z c(n — i) 2 
37V'X 4 


Eo 2 dx. 


( 83 - 3 6 ) 


The mean flow of energy into this parallelopiped in the incident beam 
is / = \cK 2 . Hence, as (83— 36) represents energy lost by the inci- 
dent radiation, we are Jed to the equation 


dI — jS ( ” - 1)2ldx (83-37) 

for the increment dl in the intensity of the beam in progressing a 
distance dx through the medium. 

As the scattering coefficient /3 is defined by the relation 
dl — — (51 dxy this gives 

0 = - 1)2 (83-38) 

By measuring /3 Fowle 2 has determined N' from this formula, obtain- 
ing therefrom the value 6. o2(io) 23 molecules per gram molecule for 
Loschmidt’s constant, which agrees within the experimental error 
with the generally accepted value of 6.o6(io) 23 . 

Since the scattering coefficient (83-38) is inversely proportional 
to the fourth power of the wave-length, blue light is scattered much 
more than red. Therefore the sky is blue whereas the sun, particu- 
larly when near the horizon, has a more reddish tinge than would be 
the case if the earth had no atmosphere. 

We have treated the incident radiation as if it were plane polarized 
with the electric vector parallel to the Y axis (Fig. 88). If it is plane 
polarized with the electric vector parallel to the Z axis, the angle 6 
in (83-33) arK i ( 8 3“34) must be taken as the angle between ~OP 

2 F. E. Fowle, Astro. Jour. 40, p. 435 (1914). 



HOMOGENEOUS ISOTROPIC MEDIUM 


383 


and the Z axis. Now, if xp is the angle whic h O P m akes with the X 
axis, and y the angle which the plane of OX and OP makes with the 
XY plane, sin 2 6 — 1 — sin 2 xp cos 2 7 in the first case and sin 2 8 = 

1 — sin 2 xp sin 2 7 in the second. So, if the incident beam is unpolar- 
i'/ed, sin 2 6 in the expression for the Poynting flux must be replaced 
by the mean of 1 — sin 2 xp cos 2 7 and 1 — sin 2 xp sin 2 7, that is, by 
^-(1 + cos 2 x p). This gives 

1 = ~ ^2 x 4 r 2^ E 0 2 (* + COS 2 xp), (S3-39) 

which, obviously, must lead to the same expressions (83—35) f° r t ^ ie 
mean rate of radiation and (83-38) for the coefficient of scattering. 

Evidently, then, the radiation scattered from an unpolarized 
incident beam is polarized. When sin xp =± 1, the polarization is 
complete. If, for instance, 7 = o, so that the point of observation P 
lies on the Y axis, the scattered light is due entirely to the com- 
ponent along the Z axis of the oscillations of the scattering electrons 
and is plane polarized with the electric vector parallel to the Z axis. 
These theoretical conclusions are in good agreement with observation. 

(II) Limited JVave Trains. We have seen that the phase velocity 
of electromagnetic waves in a dielectric on the high frequency side of 
an absorption band, as well as in a free electron gas, is greater than 
the velocity of light in vacuo . In the early years of the twentieth 
century many physicists interpreted this phenomenon to mean that a 
signal can be transmitted with a speed greater than c. Since we now 
deduce electromagnetic theory from the relativity principle, we can 
confidently assert that such a conclusion is erroneous; nevertheless 
a detailed anal y .sis of the problem is illuminating. In order to 
transmit a signal by means of a simple harmonic wave train it is 
necessary to interrupt or in some way to modulate the wave train. 
Sommer feld and Brillouin 8 have investigated the essential features of 
the problem by determining the velocity in a dielectric of the fore- 
runners of a wave train which is limited in length. 

Consider an electric field which, at a point in the medium selected 

as origin, is equal to sin ~ foro < / < T, where T = NP is a whole 
number N of periods P, and is equal to zero for t < o and for 
8 Sommerfeld and Brillouin, Ann. d. Physik 44, p. 177 ( I 9 I 4 )* 



384 ELECTROMAGNETIC THEORY OF LIGHT 


/ > T, as indicated in Fig. 89. We can express E(f) from time — r/2 


t +• 


to time 

r/2 by the Fourier 

series 




E(t ) — 0<) + ^1 cos 

(“) 

t + <22 COS 2 

(”)- 


+ ^1 sin 

(t) 

/ + £2 sin 2 

(")- 

As 

s' t/2 

/ £(0 
•/ — r/2 





1 cos w 

(”) * * • 

- 2’C2! W T, 


r r/2 

/ £(© 
•/-r/2 

1 sin w 

(f)«- 

= "2 ^n' r ) 

for n = 

1, 3,* • •> we have 





t/2 2 r t/2 inn 


E(t) = - f m)di + - r 2 _, / £ «) cos ^ Of - (83-40) 


r/2 


n — 1 — r/2 


E 




0 


I 

T 


Fig. 89. 


Now make r very large and write c 0 = 'Im/t. Then, as Aw = 27r/r, 
the sum expressed by (83—40) becomes the Fourier integral 

/ 00 r/2 

^w / £(£) cos co (/ — £)d%. (83-41) 

*s — t /2 

• 2,7t£ 

Since £(£) is equal to sin — — in the interval o < £ < T and 
vanishes outside this interval in the problem we are considering, 

dw I sin cos 00 (t — £);/£. (83-42) 

‘-'O * 
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Evaluating the integral with respect to £, remembering that T 
is an integral number of periods, we find 


E(t) 



{cos io(t — T) — cos cot } 


sin c o(t — ^T)dca. 


( 83 - 43 ) 


In the last expression we have represented the original oscillation 
of finite duration as the sum of an infinite number of sinusoidal 
oscillations of infinite duration having frequencies ranging all the 
way from o to 00 . The intensity of each partial oscillation of angular 
frequency « is proportional to 



This function, which has its principal maximum at co = 27 r/P, is 
represented by the curve in Fig. 90. In the double width of its 


J 



P 


Fig. 90. 


principal maximum, the curve is similar to that for the intensity in the 
single slit diffraction pattern. 

Understanding, as usual, that the physical quantity is represented 
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by the real part of a function of a complex variable, we can write 
(83—43) in the form 


E{t) = 



{ COS co{t — T) — cos 0 ot } 


{ cos co(/ — T) — cos cot } 


— — T) e — iwlf } 


+ 



CO 







(83-44) 


To obtain the second integral in the intermediate step, we have 
replaced co by — co, making the appropriate change in sign in the 
limits of the integral, and then have interchanged the limits so as to 
bring the plus sign in front of the integral. 

Consider the first integral 


E i(/) 


1 

1-TT 



— 00 


duo 


co — 


27T 

T 


e“ iw ‘ 


(83-45) 


in (83-44). Writing co = x' 4- ijy', we shall take for the path of inte- 
gration in the complex plane (Fig. 91) the line ab lying along the 
real axis just above the pole co = 1 tt/P of the integrand. Now we 
can distort this path as much as we choose, provided we do not pass 
over a singularity of the integrand, without affecting the value of the 
integral. Since 

e -i«< _ e 2/'i e -i x't 


we see that, by distorting the path to cd , along which y' is sufficiently 
large, we can make the factor & v>t as small as we choose for any 
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/ < o. Hence Ex(t) = o for all t < o. For t > o, we distort the path 
to cfghij. For the sections ef and ij the value of y' is an infinitely 
large negative number. Therefore the integral along these two sec- 
tions vanishes. Furthermore the integral along hi annuls that along 
fg as they are taken in opposite senses. So we are left with the 



Fig. 91. 


integral around the pole « = air /P. By Cauchy’s integral theorem, 

^ - 27 rt O^ivt 

then, /-;,(/) - ie”' 7 = sin— for all/ > o. 

1 n a similar manner it is seen that the second integral 



(83-46) 


in (83-44) vanishes for all t <T and is equal to - sin p for all 

I > T. While the first integral initiates the oscillation at / = 0, 
the second terminates it at / = T. Although the combination of the 
two was needed to make the Fourier integral (83-4*) '“*"**?; 
now dispense with the second and represent the fie y lO > 

since we are interested only in the speed of the head of the wave tra 
Suppose, now, that the partial oscillations of which Er (0 » 
the sum are due to plane waves progressing throug t e me 
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the X direction. As each of these partial oscillations is of infinite 
duration, we can apply the theory we have developed in the earlier 
part of this article and write 


Ei (/, x) 


= - / 
27 T 1/ 00 


— (X) 






O) 


27 T 

P" 


(83-47) 


the wave-slowness S being given by 



(83-48) 


in accord with (83— 3), where a = Ne 2 /m as before. 

In this case the singularities of the integrand in the complex 
<o = x' i y' plane consist, in addition to the pole co = lir/P, of a 
pair of branch cuts the extremities of which are determined by the 
values of w which cause the numerator or the denominator of (83—48) 
to vanish. Equating the denominator to zero, we get the points 

a =- i/± Vk 2 - / 2 
y' 



indicated on Fig. 92 by K\ and K2 , and equating the numerator to 
zero, we find the points 


shown at £1 and L 2 . 


go = — i/ rt # — / 2 
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Now we put /' = t — S 0 x and investigate the electric field at 
any point x at all times for which /' < o. Evidently these are times 
earlier than that at which the front of the wave train would reach the 
point x if it travelled with the velocity of light in vacuo. As the 
branch cuts lie in the lower half of the complex plane, we can change 
the path of integration from ab to cd without affecting the value of 
the integral. But, by making the value of y' for cd large enough, we 
can make the modulus of to as great as we choose, with the result 
that S = Sq from (83—48). Hence t — Sx becomes t — Sqx = t r for 
this path, and, as in the case illustrated in Fig. 91, the function E\ 
vanishes for all /' < o. So we have proved that, even in the fre- 
quency range where the phase velocity of an infinite train of waves is 
greater than the velocity of light in vacuo , the head of a limited wave 
train never travels through an isotropic medium with a velocity 
greater than c. 

By distorting the path of integration to e • • -j (Fig. 92.) we can 
investigate the disturbance at times for which t' > o. Then the 
integral reduces to the sum of the integral around the pole at 2 tt/P 
and the integrals around the branch cuts K\L\ and K 2 L 2 . 
Since S = S' + iS" is complex, the first of these integrals is 


s - n zE ( / _ s'x). If we designate the integrals around 
P 


the branch cuts by b x and b 2 , respectively, 
El(tyX) = 


S "* sin S'x ) + £1 + b 2 


for t’ > o. The first term represents the steady oscillation existing 
in the case of an infinite wave train. We shall not evaluate b x and io_, 
hut shall content ourselves with pointing out that, since the imaginary 
part of o> is negative along both branch cuts, these terms contain a 
damping factor in the time, which causes them to approach zero 
asymptotically for large values of t’ . A detailed calculation of these 
integrals shows that £, does not remain zero for t > o, but that a 
disturbance of very small amplitude and very high frequency star s 
at /' = o, the amplitude increasing toe and the frequency 

decreasing to ,/P as time goes on. Therefore the initial disturbance 
travels wkh exactly the velocity of light in vacuo, quite irrespective 

of the dispersive properties of the medium. 

84 . Homogeneous Anisotropic Dielectric. - In article 63 energy 
considerations were invoked to show that the permittivity dyadic K 
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of a perfect anisotropic dielectric must be symmetric. If, then, we 
orient the coordinate axes so as to put K in its normal form, 

K = K X ii + Kyjj + K z kk. 

The directions defined by the unit vectors z, j, k are known as the 
electrical axes of the crystal. As we shall consider only non-conducting 
transparent crystals, the vector D e used in article 82 becomes the 
electric displacement D, which is connected to E by the constitutive 
relation 

D = K E, (84-1) 

where the elements of K are real. 

The only modification required in the field equations (82—11) 
and the wave equation (82—12) is to replace D e by D. As noted in 
article 82, the vectors D, E and S lie in a plane perpendicular to H 
with D at right angles to S in such a sense that D X H has the 
direction of propagation of the wave. The Poynting flux s = <E X H 

is at right angles to both E and H and 
consequently lies in the plane of D, E and 
S, making the same angle a with S that E 
makes with D. The direction of the flow 
of energy, therefore, does not in general 
coincide with the wave-normal. Conse- 
quently a train of limited wave fronts 
side-steps as it advances into the medium. 
This is indicated in Fig. 93, where the 
relative orientation of the five jvectors 
D, E, S, s and H are shown, the first four 
lying in the plane of the paper and the last being directed along 
the normal to this plane toward the reader. 

We can eliminate either D or E from the wave equation (82—12) 
by means of the constitutive relation (84—1), obtaining 

S 0 2 E 1 -E + SS-E - S-SE = o (84-2) 

in the first case, and 

S 0 2 D + SS KT 1 D - S-SK-Ld = o (84-3) 

in the second. As (84-3) is the equation to which we shall devote 
most of our attention, we shall simplify our notation by putting 

$ = K- 1 = aHi + b 2 jj + c 2 kk. 



(84-4) 
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where 


= 1 h = 1 

a ’ SoV% ’ 




SoV / 


(84-5) 


Evidently a , £ and c are the three phase velocities corresponding, 
respectively, to the three principal permittivities k x , k v and k z . Then 
(84—3) becomes 

D + SS-S-D - SS$D = o. (84-6) 


Now let y be a vector having the direction of D and the magnitude 
of S. As (84-6) is linear and homogeneous in D, the same equation 
is satisfied by y. Hence 

y + SS-$*y - S • S$ • y = o. (84-7) 

Taking the scalar product of y by this equation, remembering that 
yy = S-S and that \-S =0, we get 


y$-y — 1. 


(84-8) 


Therefore, if the origin of the vector y is fixed and its direction varied, 
its terminus describes an ellipsoid, an elliptical section of which is 
shown in Fig. 94. Differentiating (84-8), 

dy • # • y = o, (84—9) 


since # is symmetric. The vector p ss $ y is therefore normal to 
the tangent plane through the terminus P of y. But, since $ is 
proportional to the reciprocal of K, p has 
the direction of E. Furthermore, as 
(84-8) may be written *y- p = 1, the mag- 
nitude of p is the reciprocal of the dis- 
tance T)Q on the figure. Now we have 
seen that D, E and S lie in the same 
plane, with S perpendicular to D. So S 
lies in the plane of y and p at right angles 
to “Y, and is equal in magnitude to 7. For 
an assigned direction of the electric 100.94. 

displacement, then, there is in general 

one and only one line along which the wave can advance. This is 
very different from the situation existing in an isotropic medium, 
where the wave may progress in any direction perpendicular to D. 

If the direction of propagation is gi ven, y or I) is similarly restricted 
in direction. Since y must be perpendicular to S, we take a section 
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(Fig. 95) of the ellipsoid (84-8) at right angles to S. Then, as S, Y 
and the normal to the tangent plane are coplanar, the electric dis- 
placement is limited to the directions Yi and Y2 parallel to the axes 

of the elliptical section. A wave polar- 
ized with D parallel to Yi advances with 
a wave-slowness equal to -yij one with D 
parallel to Y2 with a wave-slowness equal 
to y 2 . A wave propagated in the specified 
direction in which D has neither of these 
two possible directions splits into two 
perpendicularly polarized waves advanc- 
ing with different velocities. For this 
reason a crystal gives rise to the phenomenon of double refraction. 

We shall designate the wave velocity by V. This vector has the 
direction of S and a magnitude equal to the reciprocal of S. Also 
we shall introduce a vector v, known as the ray velocity , which has the 
direction of the Poynting flux s and a magnitude equal to the speed of 
flow of energy. From Fig. 93 we see that v = V sec « and that 
v S = 1. We shall find the equation of the surface described by the 
terminus of the vector v when its origin is held fixed at the origin O of 
coordinates. This surface, we shall prove, is also the envelope of all 
plane wave-fronts which passed through the origin one second earlier. 
Known as the Fresnel wave-surface , it completely describes the propa- 
gation of plane waves in an anisotropic dielectric. 

Writing p in place of $Y in (84-7) this equation becomes 

Y = S Sp - SS-p = S X (p X S), (84-10) 

and 

■yXv = {SX(PXS)} X v = v-sp X S - v p X SS = pxS 

since v*P X S = o and v-S = 1. Therefore 

v X (Y X v) = v X (P X S) = v-Sp - v-ps = p 

as v and P are perpendicular (Fig. 93)* Since P = we may write 
this equation in the form 

($ + w — o 2 I)-Y = o, (84-11) 

where I is the unit dyadic. As (84-11) indicates that the dyadic 
X = $ + vv — & 2 I is planar, either its antecedents or its consequents 
must be coplanar. If we put v ss ix + jy + fez, r 2 = x 2 + y 2 -J- z 2 . 
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then x>y,z are the coordinates of a point on the Fresnel wave-surface. 

I he dyadic X may then be written 

X = i { i(a 2 — r 2 + x 2 ) + jxy + kxz } 

+ J {iyx + j(b 2 — r 2 + y 2 ) + kyz } 

+ k { izx + jzy + k(c 2 — r 2 + z 2 ) } . (84-12) 

As the antecedents of X are not coplanar, the consequents must 
be. I here fore the triple scalar product of the consequents vanishes, 
and the equation of the Fresnel wave-surface is 

— r 2 X 2 xy xz 

yx b 2 - r 2 4- y 2 yz = o, (84-13) 

2 # zy c 2 — r 2 4 - z 2 

which reduces to 

(r 2 - b' 2 ) (r 2 - c 2 )x 2 4- (r 2 - * 2 )(r 2 - a 2 )y 2 + (r 2 - a 2 )(r 2 - b 2 )z 2 

= ( r 2 — a 2 )(r 2 — b 2 )(r 2 — c 2 ). (84—14) 

Before discussing this surface we must prove that it is the envelope 
of all plane wave-fronts which passed through the origin one second 
earlier. According to (84-9), rffyP = o. Hence, as *y P = 1, it 
follows that ‘Y /'/p = o. Now the scalar product of the differential of 
(»4- 10) with P is 

,/^.p « s sp r/p - s-ps-^p 4- 2P PS *^S - 2S-PP -dS = o. 

But the scalar product of (84-10) with d$ is 

Y d^ = S S p d$ - S-P S-^p = o. 

Subtracting, and dividing by 2, we have 

p ps - S ppv/S = (px(sx P)WS = o. 

Now v has the direction of p X (S X P), since it lies in the plane of S 
and P at right angles to p. Therefore v-dS = o. But we have seen 
that v-S = 1. Consequently dv- S = o. The last relation proves 
that the plane tangent to the Fresnel wave-surface at the terminus 
of v is perpendicular to S. Therefore the tangent plane is the wave- 
front which left the origin one second earlier, and the surface described 
by the terminus of v is the envelope of all such wave-fronts. The 
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wave velocity V is given in magnitude as well as in direction by the 
perpendicular dropped from the origin to the tangent plane, and the 
electric displacement, since it lies in the plane of V and v (Fig. 93), 
has the direction of the line of intersection of the plane of these two 
vectors with the tangent plane. 

In our discussion of the Fresnel wave-surface (84—14) we can 
assume that a < b < c without loss of generality. The trace of the 
surface on the YZ plane, obtained by putting x = o, is 

(r 2 — + 1) =0, 

which represents a circle of radius a inside an ellipse of semi-axes 
c and b. On the ZX plane we find 



a circle of radius b which cuts an ellipse of semi-axes a and c ; and 
on the XY plane 



a circle of radius c outside an ellipse of semi-axes b and a. 

As the surface is symmetrical with respect to the coordinate 
planes, we need construct only the one octant shown in Fig. 9 6a. 
The surface consists of two sheets which intersect at Q. The state of 
polarization, determined by the fact that V, v and D are coplanar, is 
indicated by double-headed arrows where D is tangent to a trace, and 
by dots where D is normal. 

The -primary optic axes are those lines along which the wave 
velocity V is the same for both states of polarization. They are given, 
therefore, by the normals OP to the common tangents AB to the two 
traces in the XZ plane. Evidently there are two primary optic axes 
in the general crystal with three unequal permittivities which we are 
here discussing, the angle which the optic axis not shown makes with 
the Z axis being the negative of the angle 6 which OP makes with OZ. 
For this reason the crystal is called bi-axial. To find the angle 6 we 
must make the straight line 


z cos 6 + x sin d = b, 
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which is tangent to the circular trace for any value of d, also tangent 
to the elliptical trace 


Eliminating x between these two equations and then equating to zero 
the discriminant of the resulting quadratic in z, so as to make the two 
points of intersection of the straight line with the ellipse coincident, 


we find 



(84-15) 


The secondary optic axes are those lines along which the ray 
velocity v is the same for both states of polarization. They are given, 



therefore, by the lines OS through the points of intersection of the 
two traces on the ZX plane. As with the primary axes, there are two 
secondary optic axes in the general crystal, the angle which the 
one makes with the Z axis being the negative of that mad e by the 
other. We easily find for the angle 6' between OS and OZ, 


sin 6 f 




(84-16) 


Since the coefficients a , b , c are functions of k x , k v , k 2 , respectively, 
and these in turn are functions of frequency, the directions of the 
optic axes vary with the frequency of the radiation passing through 
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a bi-axial crystal. In the visible region, however, this variation is 
small. 

The outer sheet of the Fresnel wave-surface has a dimple at the 
point Q, as illustrated in Fig. 96^. Now we shall prove the remark- 

able fact that the plane through AB perpendicular to the ZX plane, 
whose trace on the section shown in Fig. 9 6b is indicated by the broken 
line, makes contact with the surface without cutting it, along the cir- 
cumference of a circle. This property of the surface gives rise to the 
phenomenon of conical refraction , which we shall discuss shortly. 

First we introduce a ne w set of axes X'YZ' with the X ' axis along 
the primary optic axis OP. The transformations to the new coordi- 
nates are 

z — x' cos 9 + z' sin 0 , 
x = x' sin 9 — z' cos 9, 

where sin 9 and cos 9 are defined by (84—15) with positive signs before 
the radical. In these coordinates the equation of the plane through 
AB is x' = b. Eliminating x' between this equation and the equa- 
tion (84-14) of the Fresnel wave-surface expressed in terms of x',y,z ', 
we get 

£ 2 (jy 2 2 '2 )2 + + 2 /2 )2 r VO 2 - £ 2 )(£ 2 - a 1 ) 

+ Z ,2 0 2 - b 2 )(B 2 - a 2 ) = o 

for the equation of the curves in which the plane intersects the wave- 
surface. But, as the expression on the left of this equation is a per- 
fect square, the two intersections are the same, that is, the contact is 
tangential. Taking the square root we find for the curve of contact 
the circle 

y + jz'+^VU 2 -^ 2 -* 2 )} 2 = f (84-17) 

Consider, now, a slab of crystal (Fig. 97) cut with its parallel faces 
perpendicular to a primary optic axis, the points 0 , A , B corresponding 
to the similarly lettered points in Fig. 96#. If a plane wave uw , inci- 
dent normally on the lower face of the crystal, is diaphragmed by the 
screen MN with a small circular aperture at O, the wave spreads 
through the crystal in the form of a hollow cone, which emerges above 
as a hollow cylinder. The polarization, indicated in part in the 
elevation, is shown in more detail in the plan above. This phe- 
nomenon is known as internal conical refraction. 
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Again, if the crystal is cut with its parallel faces perpendicular to a 
secondary optic axis (Fig. 98), the incident light consisting of rays 
converging on the aperture in the screen MN, the rays emerging from 




t 


Primary 
Optic Axis 


■N 




Fig. 97. 


the opposite aperture in the screen A'l'N' form a hollow cone above the 
crystal. In this case we have external conical refraction. 



The phenomena of conical refraction, easily observed with 
aragonite, were not discovered until Hamilton had proved their 
existence theoretically. 
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Up to this point we have devoted our attention to bi-axial crystal 1 ' 
in which the three principal permittivities are all different. Now we 
shall consider special cases in which two of the three elements of the 
dyadic $ are the same. 

If c — b the Fresnel wave-surface becomes a prolate spheroid of 
semi-axes a and b inside a sphere of radius b , as indicated in Fig. 99 a. 
All the optic axes become coincident with the X axis, so that the 
crystal is uni-axial and there is no longer any distinction between 
primary and secondary axes. Furthermore, as the optic axis coin- 
cides with one of the electrical axes, its direction is independent of the 
frequency of the radiation traversing the medium. Waves in the 


Y Y 



Fig. 99. 


state of polarization characteristic of the spherical sheet are called 
ordinary since they have a velocity independent of the direction of 
propagation, whereas waves in the state of polarization characteristic 
of the spheroidal sheet are known as extraordinary since the velocity 
depends upon the direction of propagation. Huygens’ construction 
for finding the angle of refraction of the ordinary ray o and the 
extraordinary ray e is shown in Fig. 100#, the incident ray being 
denoted by i. Except for the case where both rays move along the 
optic axis, the index of refraction n e of the extraordinary ray is greater 
than the index of refraction n Q of the ordinary ray. A crystal of the 
type under consideration is known as prolate. Quartz is an example. 

If a = b the Fresnel wave-surface becomes the sphere inside the 
oblate spheroid shown in Fig. 99 b y the single optic axis of the uni- 
axial crystal coinciding with the Z axis. The ordinary waves, as 
in the previous case, are those in the state of polarization character- 
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istic of the spherical sheet, and the extraordinary waves those in the 
state of polarization characteristic of the spheroidal sheet. Huygens* 
construction for finding the angle of refraction is shown in Fig. 100b. 
Evidently n e is less than n Q except for propagation along the optic 
axis, when the two are equal. A crystal of this type, of which Iceland 
spar is an example, is called oblate. 

The extreme index of refraction tie of the extraordinary ray, as 
well as the index of refraction n Q of the ordinary ray, can be measured 
for any uni-axial crystal by cutting a prism with the optic axis par- 
allel to the refracting edge. Then unpolarized plane waves, incident 



Fig. 100. 


on the prism, split into two beams polarized at right angles which 
travel through the prism with different velocities, and therefore suffer 
different deviations. If 8 is the deviation at minimum deviation and 
a the angle of the prism, the index of refraction is given by the 
elementary formula 

. a + 5 

sin 

1 


n — 



Consider a slab cut from a uni-axial crystal with its two parallel 
faces parallel to the optic axis. Plane waves, incident normally on 
one of the surfaces, will in general split into two perpendicularly 
polarized components which travel with different velocities through 
the crystal. If the thickness of the slab is such as to cause one com- 
ponent to lose a quarter wave-length on the other at emergence, cir- 
cularly polarized incident light will emerge as plane polarized light 
in which the electric vector makes an angle of 45° with the optic axis, 
and vice versa. Such a device is known as a quarter-wave plate. Since 
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the thickness of a quarter-wave plate depends upon the wave-length 
used, a plate of adjustable thickness, composed of two wedges having 
triangular sections in a plane at right angles to the optic axis, is often 
used. By sliding one wedge over the other the thickness of the com- 
bination is varied. This device is the essential feature of the Babinet 
compensator. Obviously it can be used to produce relative retarda- 
tions of the two components other than a quarter wave-length, if 
desired. 

The Nicol prism (Fig. ioi) consists of a rhomb of Iceland spar, an 
oblate crystal, with its optic axis perpendicular to the plane of the 
figure. The rhomb is split along the plane AB into two halves, 
which are cemented together with Canada balsam. Light incident 
on the left-hand face splits into two components on entering the 
prism, of which the ordinary ray, on account of its lower velocity, is 



refracted the more. This ray meets the surface AB at an angle 
greater than the critical angle, and is totally reflected. Hence the 
emergent light consists solely of the extraordinary ray, which is plane 
polarized with the electric vector parallel to the optic axis. 

85* Homogeneous Isotropic Dielectric in Uniform Magnetic 
Field. — If light passes through an isotropic dielectric placed in a 
strong external magnetostatic field H 0 , we cannot neglect the term 
involving H 0 on the right-hand side of the equation of motion (83-1) 
of a bound electron. So (82—4) gives us 

{(V - « 2 ) - = -E,-i-rXHo. (85-1) 

m me 

In accord with (29—2) we can write r X H 0 = 0 • r, where 0 is 
the skew-symmetric dyadic 

© = of i -f H 0z ij - Hoyik 
— H 0 Ji + ojj + Hoxjk 
H~ JAoyki — HQxk j ~\~ okk . 


(85-2) 
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Therefore, if I is the unit dyadic, 

T { (k 0 2 — co 2 ) — 2.ioo/ } I + i — 0 1 * r — — Ei. 
L 1 me J m 


Designating the number of bound electrons per unit volume by N> 
the polarization is P = Net, and, as Ei = E + ^P by (63—3), we have 

{ (*o 2 - *> 2 ) - aico/} I + i ^ e" 1 ~ Ne 




me J 


P = 


m 


(E + iP), 


or, if we put k 2 = ko 2 — Ne 2 /yn as in article 83, 

[ {(k 2 — CO 2 ) — lico/} I -h i — ol -P = 

L 1 me J m 


E. 


Put 


$ - 


m 

N? 


[j (* 2 - o?) - aiw/jl + !“©]• (85-3) 


Then, as D = E + P, 

$D = (# + I)E, 

and, multiplying by ♦ —1 , 

D = (I + $ -1 )-E = 'PE, (85-4) 

■yyj-jgTg ^ = X - 1~ $ \ This constitutive relation between ID and E 
differs from (84-1) for an anisotropic medium in that is not a sym- 
metric dyadic. 

In calculating from (85-3) by means of (32-8) we can neglect 
terms in the squares or products of two components of H 0 as com- 
pared with linear terms, since the effect of the magnetic field is 
small. Thus we find, with the aid of (83-3), 

$-1 = ( K - i)I - (k — i) 2 ©, ( 85 - 5 ) 

Nee 

and 

= kI — 0 — i) 2 0. (85-6) 

Nee 

Consequently, as 0 -E = E X H(> = Ho X E, the constitutive 
relation between D and E may be written 

D = ¥E = «E + N (* - i) 2 H 0 X E. (85-7) 

Nee 
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However, as D always lies in the wave-front, it is more important 
to express E in terms of D. This requires the calculation of ^3?“ L 
Neglecting, as before, terms in squares or products of the compo- 
nents of H 0 , we find 



which gives 

B - . D - I D _ J 2 . (^)ho X D. (85-9) 

To save writing, we will express this is the form 

E = - D — itH 0 X D, y = —— ( ) • 

Putting this for E in the wave equation (82-12), remembering that 
S-D =0, we have 

0 - - So 2 ) D - iy(S 2 H 0 X D - S-Ho XDS) = o. (85-10) 

As we have not assumed any particular orientation for H 0 relative 
to the coordinate axes, we can limit our discussion to plane waves 
advancing in the X direction without loss of generality. Then, as D 
is perpendicular to S by (82—1 1 a), we can put D = jD y + kD z . Now 

S 2 Ho X D - SHo XDS = S 2 H 0 x (-jD z + kD y ) 

and the two non-vanishing components of the vector equation 
(85—10) are 

- S 0 2 ) D„ = - iyS 2 HoxD z , 

/ 2 \ ’ (85-I2) 

(^- “ So 2 ) D z = iy S 2 Ho x Dy. 

Multiplying these two equations together we find 

02 

So 2 = =t= yS 2 Ho Xi (85 — 13) 

K 

which gives for the index of refraction 

S — 

= a / k { 1 ± \ ayHox } - 
o 0 


(85-H) 
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We shall confine our discussion to the case where k and therefore S 
is real. Using the lower sign on the right-hand side of (85— 13) and 
substituting in (85-12.) we find D 2 — — i D y and hence the resultant 
electric displacement D r is of the form 

D r = (j - i/ 0 ^oe iwOSrX “ 0 

= jdo[j cos co(S r x — t) + k sin co(S r x — /)], (85—15) 

where S r is the value of S corresponding to the lower sign in (85—14). 
This represents a right-circularly polarized plane wave since, at any 
instant, the terminus of the vector D r lies on a right-handed helix with 
axis parallel to S. Similarly, the upper sign in (85—13) gives D z — \D y 
and the resultant electric displacement T>i is of the form 

D 2 = U + 

— ^oL 7 cos &(Six — t) — k sin ( Six — /)], (85-16) 

where Si is the value of <S obtained by using the upper sign in (85—14). 
This is the equation of a left-circularly polarized plane wave since, 
at any instant, the terminus of the vector Dj lies on a left-handed 
helix with axis parallel to S. So the medium will not, in general, 
transmit a plane polarized wave of constant vector amplitude, but 
does transmit two circularly polarized waves of contrary polarizations 
with different velocities. If H 0 is at right angles to S, H Qx is zero and 
the two velocities are the same. For this direction of H 0 a plane 
polarized wave of constant vector amplitude can be transmitted. As 
the difference of the velocities of the two circularly polarized waves is 
proportional to Hq x , it is greatest when H 0 is in the same line as S. 
Since y is negative, the velocity of the left-circularly polarized wave is 
the greater when Ho is parallel to S and vice versa when H 0 is opposite 
to S. 

If both states of circular polarization are transmitted simulta- 
neously, the amplitudes of the two being the same, the resultant 
electric displacement T) v is the vector sum of (85—15) and (8 5—16). 
Thus, if we put S 2= J(SV + Si) = s / k S 0 , we get 

D^, = D r + Dz 

= zfoL/ { cos co(S r x — /) + COS 0 o(SlX — /) } 

+ k { sin co(S r .v — t ) — sin oj(Six —-/)}] 

= 2yf 0 [j cos (7JO 0KyIh) X Sx) 

— k sin (^i0KyHQ X Sx)]cos u>(Sx — i). 


(85-17) 
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At any point in the medium this represents a linear oscillation, 
but the direction of the oscillation changes with x. We have, there- 
fore, a plane polarized wave the plane of which rotates about the X 
axis as it advances into the medium. If a is the angle which the 
plane of polarization makes with some fixed plane through the X 
axis, the angle through which the plane of polarization rotates per 
unit distance of advance is 

- = - ^anySHox —jzp H 0X , ( 8 5 -! 8 ) 

where n = S/So = ^ K is the index of refraction of the medium in the 
absence of an impressed magnetic field and X is the wave-length. 
Evidently the magnitude of the rotation is greatest when the magnetic 
field lies in the same line as that of propagation. Since e is negative, 
the rotation is positive when H 0 is parallel to S, and negative when 
H 0 is opposite to S. We note that when plane polarized light is 
passed through a transparent dielectric in the direction of the mag- 
netic field, and then reflected and caused to traverse the same path in 
the opposite sense, the rotation is not annulled, but doubled. 

The rotation of the plane of polarization of light passing through a 
dielectric situated in a magnetic field was discovered by Faraday in 
1845. It is known as the Faraday effect. 

86. Optically Active Homogeneous Isotropic Medium. — Some 
media, both isotropic and anisotropic, have the property of rotating 
the plane of polarization of plane polarized light propagated through 
them, even in the absence of an external magnetic field. Such media 
are said to be optically active. An aqueous solution of dextro- or levo- 
sugar is an example of an optically active isotropic medium; quartz 
of an optically active anisotropic medium. In this article we shall dis- 
cuss the electromagnetic theory of the propagation of light in a non- 
conducting optically active homogeneous isotropic medium, such as 
a sugar solution. 

In order to account for the observed phenomena it is found 
necessary to assume, in addition to the ordinary polarization 
Pi = (k — i)E of an isotropic dielectric, a polarization P 2 = — pro- 
portional to the time rate of decrease of the magnetic force, and an 
intensity of magnetization I 2 = ,gE proportional to the time rate of 
increase of electric intensity, the constant .g- being the same in the 
two cases. Models of the molecule containing coupled oscillators 
vibrating at right angles have been devised to explain the production 
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of the polarization P2 and the intensity of magnetization I2, but their 
artificiality leads us to omit any detailed description of them here. 
Instead we shall content ourselves with tracing the electromagnetic 
consequences of the assumed P2 and I2- 

As B ^ F in this case we need the general form (62—12) of the 
field equations with p = o. Making use of (82—4) and (82—10) they 
become 


S-D = o, (*) S-B = o, (b) 
SXE - S 0 B, (c) S X F = - SqD, (d) 


(86-1) 


which, with the constitutive relations 


D = kE -J- ioogF, (86—2) 

B = F — icogE, (86—3) 


describe completely the propagation of plane electromagnetic waves 
of angular frequency co and constant vector amplitude in the medium. 
We see from (86— 1 d) and (86— \b) that D and B are perpendicular to S 
and therefore lie in the wave-front. Therefore these are the funda- 
mental vectors to be considered, and we must solve (86—2) and (86—3) 
for E and F, obtaining, since u> 2 g 2 is so small compared with k in any 
actual medium as to be negligible, 

E = - D — — B, (86-4) 

K K 

F = B + — - D. (86-5) 

K 


Eliminating E from (86— ic) by means of (86—4), and F from 
(86— id) by means of (86—5), we get 

- S X D — — - S X B = So B, 

K K 

SXB + - f SXD = - S„D. 

K 


From these two equations we eliminate first S X B and then 
S X D, again neglecting co 2 # 2 as compared with k. This gives the 
simpler relations 


S X D = S 0 { kB — ius-D}, 
S X B = - SojD + iw^B}. 


( 86 - 6 ) 

(86-7) 
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If we take the vector product of S by the first of these, expand 
the triple vector product on the left, using the relation S - D = o, and 
express S X B and S X D on the right in terms of D and B with 
the aid of the original equations, we get the linear relation 

(S 2 - kS 0 2 )D = 2 ico^S 0 2 B, (86-8) 

and, if we treat the second equation in the same way, we obtain 

(S 2 - kS 0 2 ) B = - 2io^S 0 2 D. (86-9) 

Eliminating either B or D from (86-8) and (86-9), we find 

S 2 — kS 0 2 ==b dug -\/~kSo 2 , (86-10) 

which gives, as in the previous article, two indices of refraction, 

S 

— = \A =b 03 g. (86-11) 

Taking the lower sign in (86—10) and (86—11), we find from 
(86—8) or (86—9) that B = iD/\/~k. Therefore (86—6) becomes 

S X B = \So('\/~k. — cog-)D 

= iSD. (86-1 a) 

Let us take the X axis in the direction of propagation. Then, as D 
and B are both perpendicular to S, D = jD v -\~kD z and B = jB v -\~kB z . 
Consequently we find fi-om (86-12.) that D z = — i D y . This is 
exactly the condition which led to the right-circularly polarized 
wave (85—15) in article 85. So the medium transmits a right-circu- 
larly polarized wave with wave-slowness S r = So(“\/^ — °>g). 

Similarly the upper sign in (86—10) and (86—11) gives 
B = — iD/\^k and (86—6) becomes 

S X D = — i So (\/ k “}~ w £)B 

= - iSD, (86-13) 

which leads to the relation D z = i D y characteristic of a left-circularly 
polarized wave which travels with the wave-slowness Si = So(-\/ /c+oog-). 
If •%/ k and g are real neither wave is absorbed, and, if g is positive 
as well. Si > S r and the right-circularly polarized wave has a greater 
speed than the left-circularly polarized wave. 

We shall, however, consider the more general case where g and 
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possibly y / k are complex. Then, if we write g = g' + i g" and put 
y' - Sooig' and y" = Saoig", we have 

S T = S' - y’ + i(S" - y"), (86-14) 

Si = S' + y' + i(S" + y"), (86-1 5) 

where S' is the real part and S" the imaginary part of y/~K So- In 
the case of the right-circularly polarized wave we have then 

D r = (J - 

= Aoe~“ (s '- y "^ x U cos to { (S' - y')x - t } 

-f- k sin w{ {S' — y')x — /}], (86—16) 

and in the case of the left-circularly polarized wave 
Dj = ( j + ifc)^ oe -“ (3 "+^">V" l ®' +y)I ~‘ l 
= [j cos <m j (S' + y’)x - t} 

— k sin m{ (S' + y')x — /}]. (86—17) 

If, now, we combine these two circularly polarized waves to 
produce a linear oscillation at x = o, the different absorption coef- 
ficients give rise to a new phenomenon which was not apparent in the 
case discussed in the last article. For 

= D r + Dj 

= ^QQ~ 0 > ^” x {j[c t0y ” x cos co { (S' - y')x - t } 

+ G ~^y" x cos co | (S' + y')x — /}] 

+ k[e° >y ” x sin co{ (S' — y')x — /} 

— e - w 'r" a: s ' in to { (S' y')x — /} ] } 

= 2,/^ 0 e - “ S " x {[j cos coy'x — h sin ory'-v] cosh coy"x cos co(S'x — t) 

+ [j sin coy'x + k cos c oy 'x) sinh coy"x sin co(S'.v — /) } . (86—18) 

The components represented by the two terms inside the braces are 
at right angles since 

[j cos coy'x — k sin coy'x ] • [j sin coy'x + k cos coy'x\ = o. 

The first component has amplitude i/Io at x — o, and the second 
amplitude o. As x increases the amplitude of the second component 
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grows, although remaining everywhere less than the amplitude of the 
first component. Therefore the plane polarized vibration at x — o 
becomes elliptically polarized at x > o. This effect, known as circular 
dichroism , was discovered by Cotton in 1896. 

The angle through which either component rotates per unit 
distance of advance through the medium is 

^ = - «y = - «ys 0 . (86-19) 

ax 

Unlike the situation existing in the Faraday effect, we see here that 
if plane polarized light is passed through a transparent optically 
active medium, and then reflected and caused to traverse the same 
path in the opposite sense, the rotation is annulled. 

87. Reflection and Transmission at Surface Separating Two 
Isotropic Media. — In the earlier articles of this chapter we have 
been concerned with the propagation of light in a homogeneous 
medium. Now we shall investigate the reflection and transmission 
of light at the surface separating two homogeneous isotropic media 
which have different permittivities and conductivities. 

The boundary conditions at the surface, obtained from the field 
equations (82-8) by the method developed in article 52, are that the 
normal components of D e and H and the tangential components of 
E and H shall be the same on both sides of the surface. 

Let the YZ plane (Fig. 102) be the sur- 
face of separation, quantities pertaining to 
the medium above being designated by 
the subscript 1 and those pertaining to the 
medium below by the subscript 2. We 
shall suppose the radiation to be incident 
in the upper medium at an angle <f>i with 
the normal. In addition to the incident 
beam we have to consider the radiation 
reflected at an angle cj>i with the normal 
and that transmitted at an angle <f>2- 
Whatever the state of polarization of the 
radiation, we can resolve it into two plane 
polarized wave trains, one with the electric vector perpendicular 
to the plane of incidence and the other with the electric vector 
parallel to this plane. We shall, therefore, treat these two states 
of plane polarization separately. 



Fig. 102. 
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Considering first the case where the electric vector is perpendicular 
to the plane of incidence, we have for the electric intensity in the 
incident, reflected and transmitted waves, respectively. 


Ei = kA x e 


i« {Sx(a; cos <t>i v sin </>i) — < } 


cos <t>i+V sin £1) — <} 


Ei' - kAfe 

° OS 8 * n ^ ^ 


(87-1) 


and for the magnetic intensity 

Hi = (z sin 0 i — j cos <f>t)niEi, 
Hi' — (z sin 4 >i + j cos 0 i)miEi', 
H 2 ” (f sin <f> 2 j cos 02) ^2^2? 


(87-a) 


from (83-18), where n x = Si/S 0 is the index of refraction of the upper 
medium, and n 2 = S 2 /S 0 that of the lower medium. The boundary 
conditions at the surface x = o for the tangential component of E 
and the normal and tangential components of H, expressed in terms 
of E by (87-2), are respectively 

E\ + Ei ' = E 2 , (87 3) 

(Ei + Ei') «i sin 0i = E 2 n 2 sin 0 2 , (87-4) 

(Ei — Ei')wi cos 01 = E 2 m 2 cos 0 2 . ( 8 7“5) 

These are all the boundary conditions as there is no normal component 

of D c in the state of polarization under consideration. 

Dividing (87-4) by (87-3) we Cell’s law 

rii sin 0i — 71 2 sin 0 2 , (87 — 6) 


which can also be written 

Si sin 0i = S 2 sin 0 2 . 


(87-7) 


On account of (87-7) we see that the arguments of the exponential 
factors in (87-1) are all the same at * = o. Hence we can replace Ei, 
Ei', E 2 in (87-3), (87-4), (87-5) by the amplitudes A u Af, A 2 , 
respectively. The coefficient of reflection R is defined as the ratio of 
the amplitude Af of the reflected wave to the amplitude Ai of the 
incident wave, and the coefficient of tra?ismission JT as the ratio of the 
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amplitude A% of the transmitted wave to the amplitude A\ of the 
incident wave. Dividing (87-5) by (87—4) we get 

1 — i?j_ sin </>! cos <f> 2 
1 + R_ l sin < p 2 cos ’ 


where Rj_ is the coefficient of reflection for the case under consider- 
ation, in which the electric vector is perpendicular to the plane of 
incidence. This gives 



sin 02 cos 0i — sin 0i cos 02 
sin 02 cos 0i + sin 0 1 cos 0 2 


sin (0i — 0 2 ) 
sin (0i + 0 2 ) 


(87-8) 


Eliminating E[ from (87-4) and (87-5) we find for the coefficient 
of transmission T± 



2 sin 02 cos 0i 
sin 02 cos 0i + sin 0i cos 0 2 


2. sin 02 cos 0i 
sin (0! + <t > 2 ) 


( 87 - 9 ) 


with the aid of (87-6). 

When the electric vector is parallel to the plane of incidence the 
electric intensities in the three waves are 


Ei = (-1 sin 0i +j coscl> 1 )A 1 j 03lSl( - XC0a<t,l+VBin + {) - t) y ' 
Ei' = ( — 1 sin 0 X — j cos 0i)yfi'e i<d{ ’ Sl< ‘” a5 cos *i+*'8m>i) 

E 2 = (-1 sin 0 2 + jcos 0 2 )^ 2 e iw{ ' S2<a:cos<i2 +ysin ^ 2) ~' , > 


(87-10) 


and the magnetic intensities are 

Hi = fewiEi, 
Hi' = hn x E x \ 

H 2 = hn 2 E 2 . 


(87-11) 


In this case there is no normal component of H. The boundary con- 
ditions for the tangential component of H, the normal component of 
D e and the tangential component of E are, with the aid of (87—1 1) 
and (83—17), respectively, 

(•Ei + EiO w i = -E 2 W2> 

(Ei + £i')t?i 2 sin 0 1 = E 2 n 2 2 sin 0 2 , 

(Ei — Ei') cos 0i = E 2 cos 0 2 . 


(87-12) 

( 87 “ i 3 ) 

(87-14) 



REFLECTION AND TRANSMISSION 


41 1 


Dividing (87-13) by (87-12) we get Snell’s law (87-6) and (87—7) 
again. As before (87—7) makes the arguments of the exponentials in 
(87-10) all the same at ^ = o so that we can replace the electric 
intensities in the boundary conditions by the corresponding ampli- 
tudes. Dividing (87-14) by (87-13) we get for the coefficient of 
reflection for the case in which the electric vector is parallel to 
the plane of incidence 

1 — jR|| »i 2 sin <£1 cos <f>2 __ sin 0 2 cos 0 2 
1 + jR|| n 2 2 sin 0 2 cos <f> 1 sin <j>± cos 0i 


with the aid of (87-6). This gives 

sin0icos0i — sin <£2 cos <£2 _ tan (0i — 0 2 ) 
11 sin0icos0i -1- sin 0 2 cos 0 2 tan(0i+0 2 ) 


(87-15) 


If we eliminate E\ from (87-12) and (87-14) and use (87-6) again, 
we find for the coefficient of transmission Tj| 



2 sin 0 2 cos 0 1 
sin <f>i cos <pi H - sin 0 2 cos 0 2 


2 sin 0 2 cos 4 >i 


sin (0i ■+* 0 2 ) cos (0i — 0 2 ) 


(87-16) 


First we shall consider two dielectrics in the region of trans- 
parency. For instance, (1) may be air and (2) glass. We notice that 
none of the coefficients of reflection or transmission may vanish, 
except i?„, which is zero when 0i + 02 = ir/2, a condition existing 
when the reflected ray is at right angle to the refracted ray. The 
angle of incidence <t>u 3 satisfying this condition, known as Brewster's 
angle or as the polarizing angle , is tan"” 1 (« 2 /«i) from (87-6). For 
glass in air with n 2 jn\ =1.5 this angle is 56. °3- If unpolarized radia- 
tion is incident at this angle, the reflected radiation should be com- 
pletely plane polarized with the electric vector perpendicular to the 
plane of incidence. Actually the polarization is never complete on 
account of surface imperfections. For this angle of incidence the 
coefficient of reflection of the reflected component is R ± = cos 20is. 
Hence the reflecting power for this component, defined as the ratio 
of the intensity of the reflected to the incident radiation and therefore 
equal to the square of is p x — cos 2 20i». For n 2 /n\ — 1.5 we 
compute p l = 0.148. 

At grazing incidence (0i = tt/i) we find from (87-8) and (87-15) 
that /?_!_ = jR,| — — 1 , no matter whether n 2 is greater or less than n\. 
Therefore the reflecting power is unity for both states of polarization. 
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the reflected radiation differing in phase by 7 r from the incident 
radiation. 

At normal incidence 


n x — n 2 „ »i — »2 

i > -tv 1 1 — , 


(87-17) 


As the two states of polarization are indistinguishable at normal 
incidence, the discrepancy in sign must be due to the assumed positive 
senses of Ei and Ei'. Referring to (87-10) we notice that Ei and Ex' 
for the parallel case have opposite signs when 0i — o. Hence the 
correct change in phase is given by for both components. If 
n 2 > n\ the phase changes on reflection by 7 r, whereas if n 2 < n\ 
there is no change in phase. The reflecting power for normal inci- 
dence is 


Pn — 



(87-I8) 


For radiation in air incident on glass (« 2 /»i = 1.5) we find that 
p n = 0.040 at normal incidence. Therefore the reflection is small 
compared with that at grazing incidence. 

The phenomenon of total internal reflection is of special interest. 
For this to occur, it is necessary that ni > n 2 . Consequently it is 
convenient to put n = n\/n 2 > 1. We may then think of medium 
(1) as glass and (2) as air. The critical angle of incidence <E>i is that 
for which 0 2 = tt / i . Therefore <i>i = sin -1 (1 /«), which is 4i.°8 for 
glass of index n = 1.5. If 4 >\ > 3>i, it follows from Snell’s law, 
n sin = sin < j> 2i that sin <f > 2 > 1 and consequently that cos <t > 2 
= VT — sin 2 <£2 is a pure imaginary. Therefore both coefficients 
of reflection (87-8) and (87-1 5) are of the form 


R = 


a — \b_ _ i5 

a \b e 5 


5 

tan — = 

1 


b 

a 


Consequently A\ — A\t 15 and the electric intensity in the reflected 
beam is 


_ ^^gi[co {Sx( — x cos 0x + 2/ sin <£i) — t } — 8] 

= A\ cos [co{Si( — x cos 0i + y sin 0 1) — /} — 5], 


from which we conclude that reflection occurs without loss of intensity 
but with change in phase equal to — 8 . 
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In general the angle 6 is not the same for the two components. 
So, if the incident light contains the two states of polarization with 
equal amplitudes and in the same phase, which makes it equivalent 
to plane polarized radiation with the plane of polarization inclined at 
an angle of 45° with the plane of incidence, the totally reflected light 
is elliptically polarized. We shall examine this case in more detail, 
putting A as 5 |j — Sjl for the differ- 
ence in phase of the two compo- B 

nents after reflection. 

Put B = Si sin <£1. Then from 
Snell’s law (87—7) B — S2 sin 0 2 . 

Also put Ci = Si cos 0i and C2 = 

S2 cos 02, so that Si 2 = B 2 + Ci 2 and 
S 2 2 = B 2 + C 2 2 . We can regard B 
and Ci as the components of the 
vector Si and B and C 2 as the com- 
ponents of the vector S 2 , as illustrated 
in Fig. 103. When the angle of Fig. 103. 

incidence is less than the critical 

angle, B , Ci, C 2 are all real, but after the critical angle is passed 
C 2 becomes imaginary. 

Putting V = i/S for the wave velocity, the coefficients of reflec- 
tion (87-8) and (87-15) may be written 


TT 7 

K X P> 

Cx 

Glass ^ 

( 

Air 



B 


Ci - C 2 

R± _ Cx + C 2 ’ 

(87-1 9) 

v x 2 c x - v 2 2 c 2 

11 V x l C x + v 2 2 c 2 

(87-ao) 

Therefore, remembering that S X V i = S 2 V 2=1, 


-iA #11 _ B 2 — C 1 C 2 

R ± B 2 + CiC 2 

<87— ai) 


Now we lay off the quantities involved in this formula in the com- 
plex plane, plotting real quantities horizontally and imagin ary quan- 
tities vertically. Thus, in Fig. 104, OM — Si 2 , ON — S 2 2 , OQ — B 2 , 
~QM = Si 2 - JS 2 = C x 2 , ~QN = S 2 2 — B 2 = C 2 2 , QP = CiC 2 , 
QP' — __ CiC 2 . As the angle of incidence increases from o to tt/2. 
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Q moves from O through N to M> the point N corresponding to the 

critical angle $>i. Evidently OP' — B 2 — CiC 2 and OP — B 2 + CiC2, 
and the phase difference A of the two components after reflection is 
the an gle P'OP. 

As QP is the mean proportional of QM and QN, the angle NPM 
is a right angle. C onse quently P and P' lie on the circumference of a 
circle of diameter NM . Considering the whole range of g, then, 
Q starts from 0 at normal incidence with P at a distance S\S^ to 
the right and P r at an equal distance to the left. The three points 
meet at the critical angle N. Here P branches off on the upper half- 



circumference of the circle and P' on the lower, the three points again 
meeting at grazing incidence M. The phase difference A, which is 
zero from O to iV, increases to a maximum value A m between N and 
and then falls to zero again at M. 

Evidently the maximum phase difference occurs when P is at 
the point Pi, which makes OPi tangent to the circle, the corresponding 
position of Q being gi- As the radius LP X of the circle is §(Si 2 — S 2 2 ), 


sin bAm. = 


Si 1 


S2 2 


SS 


+ 


S 2 2 


71 — I 

n 2 -\- 1 


(87-2:2) 


This maximum phase difference takes place for the angle of incidence 
given by 

' 2 — r 

(87-23) 


2 , ^i 2 i(Si — S 2 2 )(i + sin 

cos <f> lm = —2 = —2 

Ol c>l 


n 


n * + 1 


For glass (n = 1.5), sin |A m = cos 2 4 > lm = 0.385 giving A m = 45. °3, 
<t>im = 5 i-° 7 - As A m exceeds 45° for ordinary glass, two successive 
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internal reflections at the proper angle of incidence may be used to 
produce a phase difference of 71-/2. In this way plane polarized light 
may be converted into circularly polarized light, or vice versa. This 
principle is used in the Fresnel rhomb. 

We must not neglect the transmitted wave associated with total 
internal reflection. As cos 4 > 2 is imaginary it can conveniently be 
represented by by. Then, in the case where E is perpendicular to the 
plane of incidence, we find from (87-1) that 


E 2 = kA 2 z- 03ySiX 


iw{£>2 sin 
c 


This represents a wave propagated along the surface with a wave- 
slowness greater than S 2 and equal to the component parallel to 
the surface of the wave-slowness S x in medium (1). Its amplitude 
falls off exponentially with the distance x from the surface. The 
magnetic intensity, as is evident from (87—2), has components in both 
the X and the Y directions. Therefore H2 is not wholly perpendicular 
to the direction of propagation. As the wave moves parallel to the 
surface, and, in fact, with a wave-slowness equal to the projection on 
the surface of that in the medium in which total reflection occurs, no 
net transfer of energy across the surface takes place after the steady 
state has been established. 

Similarly we find from (87-10) for the case where E lies in the 
plane of incidence, 

E 2 = (-2 sin 02 + jiy)X 2 e-“ yS * x e iw{S28in 


In this case E2 has a longitudinal as well as a transverse component, 
although H 2 is entirely transverse in accord with (87—11). These 
surface waves were observed only after the theoretical establishment 
of their existence. 

Next we turn our attention to the phenomenon of metallic reflec- 
tion, assuming medium (1) in Fig. 102 to be a transparent dielectric 
with a real permittivity ki, and (2) to be a conductor characterized 
by a complex permittivity k 2 = K 2 H~ ^2" and a conductivity 0-2- 
In the former the wave-slowness S\ is real, but in the latter the wave- 
slowness S 2 = S‘2 + iS 2 " is complex in accord with (83-10). 

Evidently R ± — R^ = — 1 at grazing incidence as in the case of 
non-conducting transparent media. At normal incidence the for- 
mulas (87-17) still hold, with ;/ 2 complex. If we put 


n 


772 

n\ 


Ki + ix) 
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as in article 83, the common coefficient of reflection for both states 
of polarization at normal incidence is 

„ I — v — \v% 

I , * 5 

I + v + \vx 


and 


where 


_ 1 4“ P 2 (l + X 2 ) — 2* 

I -h v 2 (l 4- X 2 ) + Ov 5 


*x 

tan = — ; — , tan 0 2 = 

I + v I — v 


The reflecting power p n of the surface is evidently given by the modu- 
lus of R 2 . It is 


Pn = I 


4 ^ 

1 + A* + x 2 ) + 2/ 


(87-2.4) 


It was shown in article 83 that x =4= 1 for a good conductor. In such 
a case (87—24) reduces to the simpler formula 


Pn = 1 


4 ^ 

I 4" 2v -f- 2i/ 2 5 


(87-25) 


and, as v == a/^/^co is large compared with unity, p n is very close to 
unity. Thus the reflecting power of a silver surface at normal inci- 
dence may be as high as 95%. Calculation of the conductivity from 
the observed value of p n by means of (87—25) for long waves in the 
infra-red region of the spectrum yields results in good agreement with 
the conductivity measured for steady currents. As v decreases with 
increasing frequency, the reflecting power of a metallic surface 
decreases as we pass from the red to the violet end of the visible spec- 
trum. Thus the reflecting power of silver falls from 95% at 7000 A 
to 87% at 4200 A. 

While both change in amplitude and change in phase are the same 
for the two components at grazing incidence and at normal incidence, 
this is no longer true at other angles of incidence. In general one 
component suffers both a different change in amplitude and a dif- 
ferent change in phase from the other. Thus, if the incident light is 
plane polarized at 45° to the plane of incidence so as to contain both 
components with equal amplitudes and in the same phase, the 
reflected light is elliptically polarized. We shall now investigate 
this case. 
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If we write 


—i 5 




R ± - r x e 

and put r = r„/r x , A ■ «u - *j.» we have, in accord with ( 8 7 -ai), 


r e 


-«A _ giL _ & - 

R, B 2 + C1C2 


(87-26) 


Let us construct a figure of the same type as Fig. 104. The 
present case differs from the previous one in that S 2 is not real, but 

N 



Fig. 105. 


consists of h„.h • cl •».!*” ta*-T P*" >" S"'' 1 

Thereinto we Is, "tf 0‘'B- «5>St - <*>' + 

„„Ui„ e <W - W OM - S,- end OQ - B^t 


; u/v = 02 , 1 ~ 2 . , , 

QN = C2 3 . Now if we write the comi-Tlexjluanm^ - /a . Ther gf ore 
form C>“ = p e i0 we see at once that C\C 2 - Ci VP 

OP = Cl Co bisects the angle NQM, and _ Cl ^ 2 13 _° 

^ 1 ' . , _ r nw = R 2 — CiCj and 


after reflection is the angle 


re 


— i A 


IP 


OP’ 


(87-27) 
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we have also 





PM_ 

~Fm 


by (87-19), since PM = C1 2 - C X C 2 and » = C x 2 + CiC 2 . There- 
fore 5j_ is the angle between the positive senses of these two lines, 
and 5|| = 5j_ A. 

The optical constants of a metal are usually measured by adjust- 
ing the angle of incidence of plane polarized radiation, polarized with 
the electric vector inclined at 45° to the plane of incidence, until the 
phase difference A of the two reflected components is ir/2. The 
attainment of this condition can be tested by placing in the path of 
the elliptically polarized reflected radiation a quarter-wave plate 
which converts the radiation into plane polarized light with the elec- 
tric vector making an angle j8 with the normal to the plane of inci- 
dence. Then tan j8 = r^/r _ L = r. This angle jS, known as the 
principal azimuth , and the angle of incidence 4 >ip which makes 
A = ir/i, known as the principal incidence , are sufficient to determine 
the optical constants of the metal, as we shall now show. 

Putting A = 7 r/2 and r = tan jS in (87—26) we have 


B 2 - CxC 2 

A 2 -\- C*iC 2 


= — i tan ( 3 , 


whence 


Gi C 2 1 + i tan /3 2^3 

B 2 1 — i tan j3 ^ ' 


Now B/Ci = tan 0ip from Fig. 103. Therefore 

t 

*2 


So 2 - B 2 C 2 


2 * 2 j. 


B' 


& 


— tan <t>!P e 


But B 2 = Si 2 sin 2 <j> 1P . Consequently 


Si 2 


= sin 2 <j>ip (1 + tan 2 ^ipe 45 ^). 


(87-29) 


However, in accord with (83—10), 
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Comparing with (87—29) we find 


— sin 2 4 >\p (1 ~1“ tan 2 <f>±p cos 4^)> 


<c 2 " + S 

W , Op O ■ 

= sin tan 4>\p sin 4 p. 


(87-3°) 


As was noted earlier, we cannot distinguish between *2" and <r 2/co. 
Evidently a non-conducting dielectric in the region of an absorption 
band, where k 2" is large, will exhibit all the phenomena of metallic 
reflection. 

Now S2/S1 is the complex index of refraction n — v(i + ix). 
Since the index of refraction of a good conductor is large compared 
with unity we can generally neglect the first term on the right of 
(87-29) compared with the second. Then 


v •== sin 4> 1P tan 4>ip cos 2 / 3 , 
X — tan 2 / 3 . 


(87-31) 


As we observed in article 83, x is of the order of magnitude of unity for 
a metal of high conductivity. Hence /3 is in the neighborhood of 
22°. 5 and the principal incidence 4 >\p is large. 

88. Metallic Reflection in the Presence of External Magnetic 
Field. — In the ordinary reflection from a metallic surface discussed 
in the last article, we have seen that plane polarized incident radia- 
tion in which the electric vector makes an angle of 45° with the plane 
of incidence is converted into elliptically polarized radiation on 
reflection. If, on the other hand, the electric vector in the incident 
beam is either perpendicular or parallel to the plane of incidence, the 
reflected light, like the incident light, is plane polarized. Now Kerr 
noticed, in 1877, that plane polarized light of any orientation gives 
rise to an elliptically polarized beam when the reflection takes place 
in the presence of a magnetic field. At normal incidence, however, 
the short axis of the ellipse is so small compared with the long axis 
that the light is effectively plane polarized along the long axis of the 
ellipse. The significant phenomenon in this instance is a slight ro- 
tation of the plane of polarization. We shall now investigate the 
reflection of light from the surface of a good conductor located in an 
external magnetostatic field. 
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First we must set up the field equations in a conducting dielectric 
located in a constant magnetic field H 0 . Since the imaginary part of 
a complex permittivity is indistinguishable from a conductivity we 
may limit ourselves to a medium with a real permittivity. Then 
(85- 7) gives 

D = *E + i«H 0 X E, a s (* - i) 2 , (88-1) 

Twee 

where N is the number of bound electrons per unit volume. 

As regards the current, we have from the equation (67—14) describ- 
ing the Hall effect, 

P V = <rE — ( 3 H 0 X E, 0 S ^ (88-a) 

Knee 

where n is the number of free electrons per unit volume. From the 
equation of continuity (62,-1) we find, with the aid of (82—4) and 
(82-10), 

p = S*(crE — j8H 0 X E). (88-3) 

Therefore the field equations (62-12) take the form (82—11) with 
the effective electric displacement 

D e = D -|- i ( - E — - H 0 X E ) 

\C0 CO / 

= (k + i £) E + i (« - £) Ho X E, (88-4) 

in which we may consider (a — /3/oo)i/ 0 to be very small compared 
with k or c J<x>. As noted in article 82, D e and H lie in the wave-front 
at right angles to each other, and E lies in the plane of S and D e . 

As k is very small compared with <r/a> for a good conductor such 
as we are interested in, we may approximate to the extent of writing 

3 D e = ie{E + 5 Hq X E} (88—5) 

in place of (88-4), where e = <r/co and e 5 = <x — /3/co. Solving for E 
with neglect of the square and higher powers of 6, 

E = - {De SHq X J 1 (88 — 6) 

£ 

The wave equation (82— ia) then becomes 

(S 2 - US 0 2 )D 4 - a(S 2 H 0 X D e - S H 0 X D„S) = o. (88-7) 
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Taking, for the moment, the X axis in the direction of propagation,D e = 
jD v + kD z and S 2 H 0 XD,- S H 0 X D C S = S 2 H a J-jD z + kDy) 
as in article 85. Consequently the non-vanishing components of the 
vector wave equation are 


(S 2 - US 0 2 )Dy = - 5 S 2 H 0 x D z> 

(S 2 - ieS 0 2 )D* = SS^HaxDy, 

which give 

S 2 - ieS 0 2 = ± iSS 2 H 0x , 

and 

» - - V^e“ /4 (i ± iSHox). 

O 0 


( 88 - 8 ) 

(88-9) 

(88-10) 


Evidently the upper sign in (88-9) and (88-10) corresponds to the 
right-circularly polarized wave for which D z = — i D yy and the lower 
sign to the left-circularly polarized wave for which D z = i D y . 

Next we must set up the boundary conditions at the surface of 
the conducting medium, which is represented by medium (2) of Fig. 
102. For simplicity we shall suppose medium (1) to be empty space 
(Si = So) and shall assume the magnetic field to be perpendicular to 
the surface (H 0 = iH 0). As the general theory is rather complicated, 
we shall content ourselves with a discussion of the simple case of 
normal incidence. 

Since the conducting medium can transmit only circularly polar- 
ized waves, it is appropriate to treat circularly polarized incident 
and reflected beams as fundamental, rather than plane polarized 
beams. Then a plane polarized incident beam can be synthesized by 
combining a right-circularly and a left-circularly polarized beam of 
the same amplitude. 

First consider the right-circularly polarized incident wave 

Ei — 0‘ - ifc)//ie i ‘ o(Sox-!) , 

Hi = (\j + k)she ia < s °*-‘\ 


(88-1 x) 


This will give rise to a reflected wave, which, if the reflecting medium 
were a perfect conductor, would obviously he left-circularly polarized. 
Hence we take for the reflected wave 


E/ = O' - 

Hi' = - (i j + K)/l 


(88—12) 
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The transmitted wave must be polarized in the same sense as the 
incident wave. In accord with (85— 15) we may write for the effective 
electric displacement 

D e 2 = (7 - ife)K r 2 ^ 2 e i " (s ’*- <) , 


where S r is the wave-slowness and n r the index of refraction obtained 
from (88—10) by using the upper sign. The electric intensity can 
be obtained from (88—6) or more easily from (82—14), and the mag- 
netic intensity from (82—13). They are 

E 2 = O' - \h)A 2 e^ SrX ~‘\ 

1 (88—13) 

H 2 = (O' + k)n r A 2 ^“'- SrX ~ t) ■ 


Since both E and H are tangential to the surface of the conductor 
in all three waves, the only boundary conditions are 


A\ + A\ = A 2, 
A\ — A\ — llrA'Z. 


(88-14) 


Eliminating we find for the coefficient of reflection A\ j A\ 


R r 


1 — n r 
I | Ylr 


(88-15) 


for the right-circularly polarized wave. To treat the left-circularly 
polarized wave all we need do is to replace i by — i in the vector part 
of the amplitude of the three waves, and substitute Si and ni , obtained 
from (88—10) by using the lower sign, for S r and n r respectively. 
Thus we get 


Ri = 


I — TTj 
i + ni 


(88-16) 


for the coefficient of reflection of the left-circularly polarized wave. 

Plane polarized incident radiation can be resolved into two circu- 
larly polarized beams, one right and the other left, of the same ampli- 
tude and phase. Thus we may write for an incident train of plane 
polarized waves 

Ej = 

= 4 {O' - 1 k) + U + ift) 


(88-17) 
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Then the electric intensity in the reflected train of waves is 

Ei' = §{R r U - ifc) + RiU + 

= |{CRr + Ri)j - KRr - R,)k}A 1 e i “ i - s °*- i >. (88-18) 

As R r 7^ Ri , the reflected wave has a component of electric intensity 
in the direction of the Z axis. Now, since e^$> 1 for a good conductor, 

R r — Ri n r — ni — ^/edHoe 1 ^'^ 


5 27 

1— ^(i+i). (88-19) 


R r + Ri i — n r ni 1 — le V2« 

Therefore the long axis of the ellipse in the reflected light makes an 
angle —dHo/y/le with the plane of the electric vector in the incident 
light. As a/ 03 ^$> 1 , a is negligible compared with /3/co, and S = — /?/(coe) 
is positive since the electronic charge e in (88-2) is negative. Hence 
the rotation is in the opposite sense to that of the current in the sole- 
noid producing the magnetic field. The predicted sense of rotation 
is observed when light is reflected from iron, nickel and cobalt, but 
the opposite sense in the case of magnetite. 

89. The Zeeman Effect. — In article 65 we saw that the equation 
of motion of a bound electron in an atom or molecule placed in an 
external magnetostatic field H is the same, relative to axes rotating 
about the magnetic lines of force with angular velocity co = — {e/imc)TEL, 
as the equation of motion relative to axes fixed in an inertial system 
in the absence of the field. If, then, the electron executes linear 
oscillations with angular frequency co 0 in a fixed plane in the absence 
of the magnetic field, it will oscillate with the same frequency in a 
plane which rotates about the lines of force when the atom which 
contains it is placed in a magnetic field. Under these circumstances 
the radiation which it emits, as viewed by an observer in an inertial 
system, will contain, in addition to the frequency a>o, frequencies 
which are combinations of coo and co. Therefore each line in the 
spectrum of an incandescent gas, which we may suppose to be due to 
a simple harmonic linear oscillation of a definite angular frequency 
co 0 , splits into several components when the source is placed in a 
magnetic field. We shall now develop the electromagnetic theory of 
this phenomenon, discovered by Zeeman in 1897. 

Let XYZj (Fig. lofi) be a set of axes fixed in the observer’s inertial 
system with the X axis in the direction of the magnetic field H. 
Then an electron which executes oscillations of frequency coo and 
amplitude .7 along the fixed line OP in the absence of the field will 
oscillate with the same frequency and amplitude along a line OP in 



424 


ELECTROMAGNETIC THEORY OF LIGHT 


a plane XOQ , which rotates about the X axis with angular velocity co, 
when the field is present. The components of displacement of the 
electron along the X, Y and Z axes are then 

x = A cos coo/ cos 0, 

y = A cos w 0 / sin 0 cos o ot = \A sin 0 { cos (co 0 + co)/ + cos (co 0 — co )/} 3 
z — A cos coo/ sin 6 sin co/ = \A sin 8 {sin (too + co)/ — sin (coo — co)/}. 
Of these the part 

y\ = \A sin 8 cos (coo + co)/, 

Zi = \A sin 8 sin (coo + co)/, 

represents a circular vibration in the YZ plane of angular frequency 
to 0 + co in the counter-clockwise sense, and 

y 2 = 2 A sin 8 cos (coq — co)/, 

z 2 — — \A sin 8 sin (too — co)/, 

Y a circular vibration of angular fre- 

quency wo — co in the clockwise sense. 
Hence the resultant oscillation con- 
sists of a linear oscillation of angular 
frequency co 0 along the X axis and two 
circular oscillations in opposite senses 
X in the YZ plane of angular frequencies 
wo + co and coo — co, respectively. Each 
of the latter we can resolve, if we 
choose, into linear oscillations of the 
same amplitude along the Y and Z 
axes, differing in phase by a quarter 
period. Expressing to in terms of H y 
the three true frequencies appearing when the source is placed in a 
magnetic field are 

too 
2ir J 



vq = — 


n = 


v 2 = 


cjq + co 

2.7T 

too — CO 


J'O 


= >'0 + 


dfiv me 

e 


//> 


H. 


(89-1) 


Itt jifirmc 

The polarization of the radiation associated with each of these 
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frequencies depends upon the position of the observer. In trans- 
verse observation the radiation proceeding from a source located at the 
origin is viewed from a point in the YZ plane. Let the point of obser- 
vation be on the Y axis. Then, as found in article 72, no radiation is 
received from the component oscillations along the Y axis, the com- 
ponent oscillations along the Z axis give rise to plane polarized waves 
with the electric vector perpendicular to the lines of force of the 
impressed magnetic field, and the component oscillation along the 
X axis to plane polarized waves with the electric vector parallel to 
the magnetic field. Plane polarized radiation with E perpendicular 
to the impressed field is labelled s (senkrecht) and with E parallel p 
(parallel). Hence in transverse observation the spectrum contains. 


s P s c c 



Fig. 107. 


in place of the single unpolarized line of frequency vo existing in the 
absence of the magnetic field, the normal Lorentz triplet (Fig. \orja) 
consisting of three plane polarized lines of frequencies vo and v 2 , 
the middle one being polarized p and the two outer ones s. 

In longitudinal observation the radiation proceeding from the 
origin is viewed from a point on the X axis. I herefore no radiation 
is received from the component oscillation along the X axis, but all 
component oscillations in the TZ plane contribute. Consequently 
no radiation of frequency vq is observed, but two components of 
frequencies and v 2 (Fig. 107^), circularly polarized in contrary 
senses, are seen. The polarization of these components is labelled c. 

From the observed separation 

Au = H (89—2) 

^Tv?nc 

of the lines in the normal Lorentz triplet the ratio cjm may be calcu- 
lated. This was one of the earliest accurate methods of measuring 
this important constant. 

The normal Lorentz triplet is observed only in the simplest 
spectra. The anomalous Zeeman pattern more frequently found 
cannot be explained by electromagnetic theory without the aid of the 
quantum hypothesis. 
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go. Vectors and Vector Products. — In Chapter 2 we saw that, if 
we locate events in space-time by the rectangular coordinates y, z, 
/ s i ct 3 the Lorentz transformation is represented by a simple rotation 
of the axes without change of scale. Therefore it is evident that not 
only the kinematical relations of the special relativity, but also the 
relations comprised in any theory, such as electrodynamics, which has 
its origin in the relativity theory, can be represented far more simply 
in terms of a four-dimensional vector analysis than in terms of the 
three-dimensional vector analysis employed heretofore. In this chap- 
ter we shall develop the four-dimensional vector analysis of a flat or 
homaloidal space-time. However, the reader must be warned that, 
while the four-dimensional representation of physical relations is very 
elegant in form, it is of very little aid in the solution of electromag- 
netic problems. Therefore we have not deprived him of a valuable 
analytical method in deferring until this chapter the development of 
four-dimensional vector analysis. 

In a manifold of four or more dimensions a great deal of writing 
can be saved by adopting a more symmetrical notation than that 
commonly employed in three dimensions. We shall confine ourselves 
entirely to rectangular coordinate systems and shall generally desig- 
nate the four coordinates by x iy x 2 , x 3) x 4 instead of x, y, z, /, always 
understanding / by x 4 . The unit vectors parallel to the coordinate 
axes we shall denote by k 1} k 2i k 3y k 4 , respectively. 

In three-dimensional vector analysis we required only a single type 
of vector, that having the properties of a directed segment of a 
straight line. This simplicity was made possible by the fact that a 
plane area had a unique perpendicular, the direction of which we 
could take as representative of the vectorial properties of the two- 
dimensional area. Furthermore, as all three-dimensional volumes 
were vectorially equivalent, we were able to treat them as scalars. 
In four dimensions these devices are no longer possible. A two- 
dimensional parallelogram has no unique perpendicular and cannot 
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be represented vectorially by a directed linear segment. Moreover, 
three-dimensional parallelopipeds are not vectorially equivalent and 
must be treated as vectors rather than as scalars. Therefore we 
recognize four different types of vectors: a vector having the prop- 
erties of a directed element of arc, a vector having the properties of 
a directed element of area, a vector having the properties of a directed 
element of three-dimensional volume and a vector having the prop- 
erties of a directed element of four-dimensional volume. We desig- 
nate them as vectors of the first, second, third and fourth ranks, 
respectively. Vectors of the fourth rank, being equivalent vectorially, 
are pseudo-scalars. 

A vector P of the first rank is expressed in terms of its components 
Ply P 2y Pzy Pa 3-long the A 1, A 2, A3, A 4 axes by P — P ~b P 2^-2 H“ 

Pz^z + P 4^4) exactly as in three-dimensional analysis. We can write 

4 
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that a repeated literal suffix is always summed over, we may omit 
the summation sign and write merely P — P u k tx . Evidently a 
repeated literal suffix may be replaced by any other letter. Thus 
PaHa = Ppkp since they both represent the same sum of products. 
We shall employ this summation convention consistently in this chap- 
ter, and shall find it very convenient when a number of suffixes are 
present. Obviously no suffix can appear more than twice in a single 
product. 

Consider two vectors of the first rank, P and Q, lying in the ATi X% 
coordinate plane. The area of the parallelogram (Eig. 10S), of which 
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P and Q are the sides, is clearly P 1 Q 2 — P2Q1 . We shall try to repre- 
sent this area vectorially by a product P X Q obeying the distrib- 
utive law. Carrying out the indicated multiplication we get 

P XQ - (P1&1 + P2&2) X (Qik-i + <22^2) 


= P lQikx X kx + PiQ 2 k 1 X k 2 H- P 2 Qik 2 X kx + P 2 Q 2 k 2 X k 2 . 


which yields a vector of the correct magnitude only if we make kx X kx 
= ^2 X k 2 = o, k 2 X kx = — kx X k 2> exactly as in the case of the 
vector product in three-dimensional analysis. Then kx X k 2 is a unit 
vector square in the X\X 2 plane, and 


PXQ — ( k Piki-\-P 2 k 2 ') X (Qikx + ^2^2) = 


-Pi P2 
Qi Q2 


kxXk 2 . 


(90-1) 


We shall write the unit vector kx X k 2 of the second rank in the 
abbreviated form kx X k 2 = k 12 . Then k 21 = — k 12 . As there are 
six coordinate planes there are six independent pairs of unit vectors 
of the second rank, k 12 = — *21,^23 = ~k 32 ,k 31 = — kx 3 ,k x4 = — k 41 , 
k 24 = —k 42i k 34 = — k 43 . Now, in expressing a vector of the 
first rank as the sum of its components we utilize only the four unit 
vectors kx, k 2 , k 3 , k 4 having the positive directions of the coordinate 
axes, discarding the four related unit vectors — kx, — k 2 , — k 3y — k 4 
having the negative directions of the axes. So, in expressing a vector 
of the second rank as the sum of its components, we shall generally 
employ only the six unit vectors k l2 , k 23 , k 31 , k 14 , k 24 , k 34 , writing 
M = M l 2 kx2 + ^23^23 + M 3 xk 31 + Af 14 ft 14 + M 24 k 24 + M 34 k 34 , or 
more simply M = M^k^, a (3 = 12, 23, 31, 14, 24, 34. Nevertheless, 
we shall not hesitate, when it is convenient, to replace k 12 by 
^215 etc. Evidently P X Q obeys the anti-commutative law 
Q X P = -P X Q. 

Next consider three vectors of the first rank, P, Q and R, all 
lying in the XxX 2 X 3 coordinate planoid or three-dimensional sub- 
space. The volume of the parallelopiped of which they are the edges 
is PxQ 2 R 3 + PzQ 3 Rx + P 3 QxR 2 - PxQ 3 R 2 - P2Q1R3 ~ P3Q2R1 by 
(6 — 3)- Although this quantity was represented by the triple scalar 
product in three-dimensional analysis, we shall try to represent it in 
the more general vector analysis which we are now developing by a 
product P X Q X R obeying the associative and distributive laws. 
We observe that 
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P X Q X R — (P 1&1 + P 2&2 + P 3^3) X (< 2 l&l + 4 - ^3^3) 

Pi p 2 p 3 


X (Pl^l + P 2 ^2 +^3^3) = 


Qi Q2 Qz 

R\ R 2 Rz 


*1 X k 2 X &3 (90-2) 


only if k a X kp X k y vanishes when any two suffixes are the same 
and changes sign when any two adjacent suffixes are interchanged. 
Evidently fei X k 2 X fe 3 is a unit vector cube in the X\X 2 X3 coordi- 
nate planoid. For brevity we write ki X k 2 X & 3 2= fe 123 = /z 231 = 
^312 — — &321 — — &213 = — fei3 2 - As there are four coordinate 
planoids there are four independent sextets of unit vectors of the 
third rank, of which we shall generally employ only the four unit 
vectors &i 2 3> &234 5 &341? &4i2> writing H = -^123^123 + ^234^234 + 
^341^341 + #412^412 or, more simply, H = H a p y k a p y , apy = 123, 
234, 341, 412. Evidently fei 2 *X k 3 = k x X k 2 X k s = ft 123} and 
fe 3 X ^12 = ^123 as well. Therefore the vector product of a vector M 
of the second rank by a vector P of the first rank obeys the commu- 
tative law M X P = P X M. In terms of the components of the 
two vectors, 


P X M = (P 1 A ^23 + P2A/31 + P3M12 ) &123 

+ ( + P2A/34 — P3M24 + P 4 Af 23 ) & 2 Z 4 

+ (PlA/34 — P3A/14 — P 4 M 31 ) ^341 

+ (PiM 24 — P 2 Mi 4 + P 4 M i 2 ) fe 4 i2- (9°~3) 

Finally, the vector product of four vectors of the first rank, P, Q, 
R and S, gives us the pseudo-scalar 

Pi P 2 P3 P4 
Qi Q2 Qn Qa 
Ri R 2 Rz P 4 
Si S 2 S 3 S 4 


PXQXRXS= 


k x X k 2 x k 3 x *4, (90-4) 


provided k a X 3 X k y X vanishes when any two suffixes are the 
same and changes sign when any two adjacent suffixes are inter- 
changed. As before we write k\ X k 2 X £3 X k 4 — ^1234* Evi- 
dently the twenty-four unit vectors of the fourth rank, obtained by 
permuting the suffixes in fti 2 3 4 > are all related. Therefore the unit 
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vector of the fourth rank, representing a unit four-dimensional cube, 
is a pseudo-scalar. We may interpret the magnitude of the product 
P X Q X R X S as the four-dimensional volume of the hyper- 
parallelopiped of which P, Q, R and S are the edges. Evidently the 
vector product of a vector of the third rank by a vector of the first 
rank, or of two vectors of the second rank, is a vector of the fourth 
rank or a pseudo-scalar. 

A vector of the second rank, which is expressible as the vector 
product of two vectors of the first rank, is said to be uniplanar. We 
shall now show that not all vectors of the second rank are uniplanar. 
Let, for instance, M and N be two uniplanar vectors of the second 
rank. If their planes intersect in a line, which we can represent by 
a vector R of first rank, we can write M = P X R and N = Q X R, 
where P and Q are vectors of the first rank. Then M -f- N = 
(P + Q) X R is a uniplanar vector of second rank. But if the planes 
of M and N intersect only in a point, as may happen in a four- 
dimensional space, this representation is impossible and M + N is 
not uniplanar. 

IfM=PXQ+RXS, where the plane of P and Q and the 
plane of R and S contain no common line, the vector M of the second 
rank is biplanar. We shall now prove that every vector of the second 
rank is at most biplanar. For suppose that M is triplayiar , that is, 
M=PXQ+RXS + TXU. Then, as P X Q and R X S have 
no common line, we can express T in the form T = dP -|- bQ + cR 
+^S and M becomes M = (P-HJ) X (Q + aU) + (R-^/U) X (S+rU), 
which is biplanar. 

Let M be uniplanar. Then M = P X Q and M X M = 
PXQXPXQ = o, since the determinant ( 90 — 4 ) has two rows 
the same. Conversely, if M X M = o, M is uniplanar. For M can 
always be expressed in the form M=PXQH~RXS. Hence 
M X M = 2 P X Q X R X S and, if this vanishes, the four-dimen- 
sional volume of the hyper-parallelopiped of which P, Q, R, S are 
the edges is zero. This implies that the planes ofP X Q and R X S 
lie in a three-dimensional sub-space and therefore intersect in a line. 
Consequently M is uniplanar. 

In any event 

X M — 12^^34 A/23Af"i4 + A^3iA/24) &1234* (S?0~5) 

In the applications of four-dimensional vector analysis to electro- 
dynamics we rarely have occasion to use other than vectors of the 
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first and second ranks. The first, on account of their four compo- 
nents, are commonly called Jour— vectors , and the second, on account 
of their six components, six-vectors . 

Finally, we call the reader’s attention to the fact that the rank of 
the vector product of two vectors is, in all instances, equal to the 
sum of the ranks of the two factors. 

91. Transformation of Vectors. — When we pass from one set of 
rectangular axes X\ X%XzX± to another set XJ XJ Xz' X4. differently 
oriented the coordinates transform according to the equations 

Xi — ha* at x ct — I'cLiXi > ( 9 1 ™ 1 ) 


as in (8-1), where l ia = l' ai represents the cosine of the angle between 
the X a and the X/ axes. We find immediately, as noted in (8-5), 


that 


ha 


/' . = 
i 'CLl 


dxi 

dx a 


dx a 

dxi 


(91-a) 


Hence, if fei', k 2 '> 
Xz'y X± axes, 


kj are unit vectors parallel to the X\ , X% > 



(9i~3) 


Now, if P is a vector of the first rank, 

P = PaK = Pi'k/. 


Using (91-3), then. 

pj _ p dXi> 

1<x dx 3 

(9 I— 4) 

and similarly 

p - p -’ dXa - 
~ ^ dx/ 

(9 I_ 5) 


These are the transformations for the components of a vector of the 
first rank or four-vector. 

Consider, for instance, the rotation of axes corresponding to the 
transformation (42-5) which takes us from the inertial system S to 
an inertial system S' moving relative to S in the direction of the 

X axis with velocity v. Evaluating the derivatives or we 

construct the table: 
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Px 

Py 

P Z 

Pi 

p ' 

■L X 

k 

O 

O 

\pk 

P ' 

r v 

O 

I 

O 

0 

p/ 

O 

O 

I 

0 

Pi' 

-\pk 

O 

O 

k 


(91-6) 


giving the components of P relative to S' in terms of its com ponent s 

relative to S and vice versa. As usual (3 = v/c and k = i/v 1 — /? 2 . 
In the case of the unit vector of the second rank we have from 

Ke = x fe, = (g v) x */)• 


Hence, if we use the common compressed notation 


d(^Xi , Xj ) 

d(x aj %(/) 

we find from (90—1) that 

i_ d(. x i * ) x./ 

= T 7 r 

dO<*, 


dx/ dx/ 
dx a dxp 

dx/ dx/ 
d x qi dxp 

ij not permuted. 


( 9 J - 7 ) 


where, by the designation “ij not permuted’" we indicate that ij is 
limited to the values 12, 23, 31, 14, 24, 34. 

Hence, if M is a vector of the second rank. 


M = M a pk at 5 
and (91—7) gives 

= JVI a p 

Similarly 

J\rf a p = Afy ■ 


— a/ 3 , ij not permuted. 


3 (at/, x/') 

n/ .> cap not permuted. 

d{ x aj xp) 

(91-8) 

d(x aj x p) . . ^ j 

aw, */) ’ v P ermuted ‘ 

( 9 I_ 9 ) 


These, then, are the transformations for the components of a vector 
of the second rank or six-vector. 
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Evaluating the determinants 


d(^Xi , Xj ) d(,x a ) xp) 


d (iV a , Xfi) 

formation (42—5) we construct the table 


or 


d(xi , Xj ) 


for the tran- 




My Z 

M zx 

M x i 

Myi 

M zl 

M' 

1V± xy 

k 

O 

0 

0 

— i/S* 

0 

My Z 

0 

I 

0 

0 

0 

0 

M' x 

0 

O 

* 

0 

0 

i/ 3 * 

M' xl 

0 

O 

0 

1 

0 

0 

M’ yl 

i/ 3 * 

O 

0 

0 

* 

| 

0 

M' zl 

0 

O 

-i/ 3 * 

0 

0 

* 


(91-1°) 


which gives the components of M relative to S' in terms of its com- 
ponents relative to <S and vice versa . 

If we replace M xy by M z u M yz by M x u M zx by M y i , M x i by M yz > 
M y i by M zx , M z i by M xy and similarly with the primed components, 
we obtain the table 



Mzl 

M xl 

Myi 

M yz 

M zx 

M IV 


k 

0 

O 

O 

— i/ 3 * 

O 

M' xl 

O 

1 

O 

O 

O 

O 

Myi 

O 

0 

k 

O 

0 

i/ 3 * 

M'y Z 

O 

0 

O 

1 

0 

0 

M' ZX 

i/ 3 * 

0 

O 

O 

* 

0 

M'y 

0 

0 

-i/ 3 * 

O 

0 

* 


which is identical with (91-10). 't herefore, if 


(91-11) 


M as M xy ki2-\~ M uz k2z~\- M zx kzi-\-M x iki4-^- Myik24-^rMzikz4 c (9 I—ia ) 

is a six-vector, 

M* s= M z l.ki 2 + + + M yz ki4~\- M zx k 2 4 M xy k^4 ( 9 I— 13 ) 

is also. We call M* the associated six-vector of M. 


We continue in the same manner with the vector of the third 
rank. From (91—3) and (90 2) we find 

d(,X-{ , Xj , X/ t ) 


fta&y 


d(#a> Xp) Xy^ 


Kjk, 


ijk not permuted, (91—14) 
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where ijk are limited to the values 12.3, 2,34, 341, 412. Hence, if H 
is a vector of the third rank. 


H = H a p. ykapy = H'ijk k' ijki ai 3 y } ijk not permuted, 

and 

H ij]c = H ai 3y — — y Oipy not permuted, (91-15) 

d\Xoiy X/3y Xy) 

H a 0y = H- jk ‘ X ’ T ~, (/'* not permuted. (91-16) 

d(*i', x/, x*') 


For the transformation (42—5) these yield the table 



H xyz 

Hyzl 

H z \x 

Hlxy 

XT' 

xyz 

k 

i 0k 

0 

0 

Kzi 

-\pk 

k 

0 

0 

H'zlx 

0 

O 

1 

0 

HU 

0 

O 

0 

1 


(91-17) 


Finally, for the unit vector of the fourth rank we find 
d{xj i x/, Xk\ xj) 


fe-afiy 5 


d(.Xa> X/2} Xy y xj) 


kijki = k'ijki, ijkl not permuted, (91-18) 


since the determinant of an orthogonal transformation is unity. Thus 
the one component of a vector of the fourth rank is the same relative 
to all reference systems. For this reason it is called a pseudo-scalar. 

Just as in three-dimensional vector analysis, the only scalar and 
vector functions of the coordinates xi, x 2 , x 3) x 4 and of the compo- 
nents of a number of constant vectors Ai, A2, . . . A n which can 
appear in physical laws are proper scalar and vector functions. The 
square of the element of arc 

d\ 2 = dxj 2 + dx 2 2 + dx 3 2 + dx 4 2 

= dx 2 + dy 2 +d# - c 2 dt 2 (91-19) 

is evidently a proper scalar function or scalar invariant, since, when 
we transform from x ly x 2 , x 3) x 4 to Xi', x 2 ', x 3 ', x 4 , it is found to be 
the same function of the latter variables as it is of the former, in 
accord with (42—4). Since we can write (91-19) in the form 
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d)? — — (i — where V is the three-dimensional vector 

velocity of a moving point, it follows that 

■w — d _ _ I » 


K = 


y 2 * 


(91-20) 


is an invariant total differential operator. It corresponds to the time 
differential operator d/dt\n three-dimensional analysis. 

Evidently the position vector 

R = k\x + &2 y + k 3 z + fe 4 i ct (91-21) 

of an event is the fundamental proper four-vector or directed linear 
segment. Operating with (91— ao) we get the proper four-vector 
velocity 

Q = K — t~ = kiJK ^ x " 4 “ v + hzKV . a -f - k^iKc. (91-- 22) 

dt 

Operating again, we find the proper four-vector acceleration 


S - K 


= kiK 2 ( 


f x + K' 


f-V 


v* ) + k 2 K 


+ K 


f-V 


2 _ — _ y 
2 y v 


+ k a K 2 (/, + a: 2 + fe 4 iis: 4 c ^ , (91-13) 

where f is the three-dimensional vector acceleration dV j dt^ and oper- 
ating once more we obtain the proper four-vector time rate of change 
of acceleration 

T = A^ - fe, [a' 3 {/;+ K 2 -J /'.j + 3 A 8 { f -^/ x + A‘ 2 ( f ^)V x } 


+ K*\£ + K 


'(> Y ) ! 


KV X + k 2 [. • * • 1 ■+■ fest * * * ] 


f-V , / 


+ ^4 iA' 5 r 1 — 7r H — o "4- AfK 


(?)’}]• 


(91-24) 


Consider a charge distribution of density p 0 momentarily at rest 
in inertial system S 0 . Then, if p is the charge density in system S 
and p' in system S', 


= p\ L 


V 2 

-J = pV 1 
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on account of the Fitzgerald-Lorentz contraction. Therefore p/K is 
a scalar invariant. Multiplying the four- vector velocity (91-22) by 
this proper scalar and dividing by the constant c , we get the four- 
vector current 

P == k%p — - + #2 P — ~ + ksp — - H- k^ip. (91—25) 

c c c 

The three space components are the three components of the current 
density pV divided by c, and the time component is the charge density 
p multiplied by i. 

Given a three-dimensional vector function and a knowledge of 
the manner in which its components transform when we pass from 
one inertial system to another, we may be able to construct a four- 
dimensional vector function. Our success or failure is determined by 
whether or not the proposed four-dimensional vector function trans- 
forms in accord with the formulas developed in this article. 

Consider, for instance, the three-dimensional vectors E and B (or 
H), D and F, whose transformation laws are given in (68-10). As E 
was defined originally in terms of a discrete number of tubes of force 
per unit cross-section, we should expect to be able to assemble the 
components of these vectors in such a way as to form four-dimensional 
vectors having the properties of directed areas. If we put 

M = B z h\2 ~h B x tl2Z “ 1 “ B y k^\ — iEa;fel4 — iE 2 / £l 24 — iE z &34 (9I— 26) 

we find, by comparing (68—10) with (91—10), that M is a six-vector. 
The associated six-vector is 

M* = — \Egk12 — \E x k2z — \Eyk^x + B x k 14 + Byk.24, B z k 34 . (91—27) 

Similarly we find that 

N = F z k 12 + F x k.2s + F y k 3 1 — iD x fei4 ~ iDyfe 24 ~ iZX/z 3 4 (91—28) 

is a six-vector, its associated six-vector being 

N* = —\D z ki2 — iD x k 23 ~ ^F y k 3 i-{-F x ki^-\-Fyk2^-\-F z k S 4 : . (91—29) 

Since 

M X M = M* X M* = - ii(E x B x + E y B y + E z B z )k i 234 , 

N X N = N* X N* = - 2i (JD X F X + D v F y + Z) z F z )fe 1234 , 
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M and M* are uniplanar only when E and B (or H) are at right 
angles, and N and N* only when D and F are perpendicular. Thus 
M and N in a plane electromagnetic wave in an isotropic medium 
are uniplanar. 

Problem 91a. The transformations for the components of the current 
density and for the charge density are given in (59—1). Verify from these 
that (91-25) is a four-vector. 

92. Scalar Products. — Let M be a six-vector. Since £21 — — £12, 
Mi 2 ki2 = \M\/k\2 — §Mi 2 £2i- Hence, if we put m 12 = jMi2> 
nj2i = — 12, we can express the six-vector in the more symmetric 
form 

M = Mapkat 3 , a/3 not permuted, 

= 7 n a pk a p y a/3 permuted, (92—1) 


where, in the last expression, afi assumes all the permutations 12, 21, 
23, 32, 31, 13, 14, 41, 24, 42, 34, 43. Now the transformation (91-8) 
may be written 


HA 9 HA dXi dXj 

My - M ai dx ^ 

m/r dx/ dx/ 

M-aP „ ^ 5 

dxp dx a 

a/3 not permuted. 

dx/ dx/ 

~ dx a dxn ' 


a/3 permuted. 

which gives 



, dx/ dx/ 

m-ij - m<xp , 

dx a oxp 

a/3 permuted. 

( 9 a-a) 

and, similarly. 



ma * - mii dx/ dx/ ’ 

ij permuted. 

(9 2- 3) 


Similarly, if H is a vector of third rank, H\ 22 k\ 2 z = \H\2zk\2z 

+ -T \H\ 2 zk 3 i 2 — ^-^fl23£321 — ^T/123^213 6^123£l32> 

and, if we put h\ 2 z — h 2 z\ = ^312 — 6^1235 ^321 = ^213 ~ ^132 — 
— '§^fl23> 


H = Hafiykapy, oifiy not permuted, 
= h a pyk a py , Oil 3 y permuted. 


(92-4) 
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From this it follows that the transformation (91-15) may be written 


Hijk H a py 


dx/ dx/ dxj/ 
dx a dxp dXy 

dx/ dx/ dxji 
dx y dxp dx a 


+ H^y 


dx/ dx/ dx/ 
dxp dXy dx a 


+ H< 


apy 


dx/ dx/ dx/ dx£ dx/ dx/ 

01 a ^ y dxa dx„ dx , 


dx/ dx/ dx/ 
dXy d x ^ dxp 

dx/ dx/ dx/ 
al3y * 


dx/ dx/ dx/ 
dx a dxp dXy 3 

Hence, 



foijk hoifiy 

and, similarly. 


dx/ dx/ dx/ 
dx a dxp dxy 3 




d X qi dxp dXy 
dx/ dx/ dx/ 


5 


afiy not permuted, 

ocfiy permuted. 


apy permuted, 

(92-5) 

ijk permuted. 

(92-6) 


By means of the vector product we have been able to construct 
a vector of a rank equal to the sum of the ranks of the two factors. 
Now we shall devise a product, known as the scalar product, whose 
rank is equal to the difference of the ranks of the two factors. As our 
geometrical visualization of a four-dimensional manifold is restricted, 
we must proceed by strictly analytical methods. The fundamental 
formulas which we require are 


dXce dx (x dx% dx% t 

d^'d^/ = ih ~d7 a ~d^ = s “ e ’ 


C 9 2 — 7) 


where the Kronecker delta 8ij is a symbol representing unity when 
i = j and zero when i j, and similarly for 8 a p. 

Remembering that the partial derivatives appearing in (92-^7) 
represent cosines of angles between the primed and unprimed axes in 
accord with (91— 2,), we could infer the relations (92.-7) as the four- 
dimensional generalization of the result of problem $b. However we 
shall give a formal proof. From (91—2) 

dx^t dx# dx*i dx# 
dx/ dx/ dx a dx/ 


dx/ dx\ 
dx\ dx/ 


dx/ dx2 
dx2 dx/ 


3x% dx 3 | dx$ dx^ 

- -| . 


dx$ dxj 


dx 4 dx/ 
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But this is just the total change in x/ per unit change in x/ 3 all the 
other x'*s remaining constant. Consequently, as x\ , x^ 3 x%' 3 X4 are 
independent coordinates, the sum of products vanishes when i j 
and equals unity when i — j. 

The scalar product of the unit vectors k a and kp of the first rank 
is defined by the relation. 

fe-a " &P ~ ^aP’ (92 8 ) 

To justify this definition, which is identical with that of three- 
dimensional vector analysis, we must show that when we take the 
scalar product of two four-vectors P and Q we obtain a vector of 
zero rank or scalar. Using (91—5) we have 


PQ = PaQa 


p.'O-' — - — a = P'O j 
dx/ dx/ * % 


from (92-7), which proves the validity of the definition (92—8). The 
product 

p.p _ p i 2 p 2 2 p 3 2 _j_ p2 


is called the square of the four-vector P. 

Next we define the scalar product of the unit vector h a p of the 
second rank by the unit vector k 7 of the first rank by the relation 

fe-ap " fey ~ fey’fe-otP = ^a^py ^.p^cty ( 9 ^ 9 ) 

To justify this, we must show that the scalar product of a six-vector 
M by a four-vector P is a four-vector. Using (92—1) we find 

M P = P M = m a pPpk a — m a pP a kp-> <*{3 permuted, 

= m a pPpk a — mpaPpka, «|3 permuted, 

= 2m a pPpk ol3 a(3 permuted, 

since mp a — —Wap- To complete the proof we must show that the 
components of the last expression obey the transformation law of a 
four-vector. From (91—5) and (9 2—3) we have 


im a pPp = 2 m'ijP 


dx a dx/3 dxp 
dx/ dx/ dxk 


2 m ijPj' 


dx n 
dx/ 


with the aid of (92—7). But this is the transformation (91—5) for the 
components of a four-vector. 

The formula (92-9) implies that the scalar product vanishes when 
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the unit vector of second rank does not contain the suffix appearing 
in the unit vector of first rank. If, however, the former does contain 
the suffix appearing in the latter, we arrange the product so that the 
common suffix comes second in k a p and then cross it out in both 
vectors. Thus *34- *4 = kz and *34 ‘*3 — — *43 - *3 = — *4- Con- 
sequently, if M is the six-vector Afi2*i2 + Af23*23 M 3 \k 3 i + 
M 14 fei4 + Mz 4*24 + -^34*34 and P the four- vector P/k\ + ^2*2 + 

P 3^3 4" P 4 ^ 4:3 

M • P = P-M = ( + P2.M12 — P 3 M 3 \ + P 4 Mi 4 )fti 

+ ( — P\Mi 2 + P 3 A/23 + P 4^/24) *2 

H“ (P1M31 — P2M22 + P±M 3 4 )k 3 

+ (” P\M\± ~ P2M24 — PzMz4 )*4* (92,-10) 


The differential operator in four-dimensional analysis correspond- 
ing to V in three dimensions is 


O = K 


dx. 


CL 


, d 3 3 

= ki - h *2 “ h *3 — 

dxi ox 2 ox 3 


+ 


3^4 * 


(92- 1 1) 


pronounced “lor” after H. A. Lorentz. Since 

3 dx / d dx a d 

dx a dxa dx/ dx/ dx/ 


by (91-2), we see that the components of <0 transform in accord 
with the law (91—5) for a four-vector, and that <0> is a proper four- 
vector differential operator. 

The scalar product 


ox 1 dx 2 ox 3 0X4. 


(92-12) 


of O with the four-vector P is the four-dimensional divergence of P, 
and the vector product 


. / dP 2 

OXP = ^ 


dxi 


dx<y/ 


+ 


dX 2 

dP 


*12 + 


(dPz 
\ dx 2 


dP> 


(l ~“T' 1 ') fcl4+ (^ 

\ dx 1 3 #4/ \ dx' 


dx 3 

3P 2 
3^2 


>V , /dPi 3P 8 V 

)*23+\ “T 7 J*31 

1/ \ dx 3 3^1/ 


) 


*24 + 


dx 3 

(dP 4 


dxi 

dP 3 


\ dxs dx 4 


) 


*34 ( 92 - 1 3 ) 
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is the four-dimensional curl of P. The invariant scalar differential 
operator 


d 2 d 2 d 2 , d 

<C> * 0 = ~ 2 T - 2 4“ TT 2 4“ 


a 2 


a 


4- 

a 


a^^ 1 a* 4 


2 


a* 2 + ajy 2 az 2 


i_ 

<4 a/ 2 * 


(92-14) 


known as the d' Alembertian, is the four-dimensional analog of the 
Laplacian V • V. 

Replacing the components of P in (92—10) by those of § we find 
for the four-dimensional divergence of the six-vector M 


0-M = ( 


4” 


+ 


+ 


(- 

( 

(- 


4- 

aMi 2 

aM 3 i dM\4 j 

Ifcl 


a* 2 

a^ 3 a^4 / 


a M\2 


, 9 M 2 z , dM 24 \ 

~T~ 1 * , 

1 &2 

dxi 


a* 3 y 


dAfsi 

dM 2S 

3^3.' 

) k 3 

dxi 

dx 2 

a^4 > 

f 

dMu 

aM 24 

aM 34 ^ 

\ Ua. 

dxi 

dx 2 

a^ 3 y 

f rv 4* 


(92-15) 


We note that the scalar 0 • (0 -M) vanishes identically. 

Similarly, if we replace the components of P in (90-3) by those of 
0 we obtain the explicit form of the four-dimensional curl of M. 

It is 


A ( dM 23 , 9 M 3 \ , dM 12 

<0 XM = l r 1 — r „ 

v \ dxi dx 2 dxQ 


c 123 


4- 


+ 


+ 


^ + 
( 

V a^i 
(om 24 _ 

\ a.vi 


aA /34 9M 24 . 9M 2 2 


dX‘> 


dx-A 


+ 


dx 3 


a Mi 4 

a* 2 


+ 


a* 4 / 

«234 

aMni> 

a* 4 J 

1 &341 

a 

a^ y 

) &412* 

^ of the third 


(92-16) 


the unit vector k h of the first rank is defined by the relation 

kaQy'ks = ks-kaPy = ^afi^yh 4“ ky a$p8 4" kp y 8 a &. ( 92 — 1 7 ) 
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Now, if H is a vector of the third rank, we have from (92—4) 

H • P = 3?*H “ hctfiyP yfoctfi “1“ foa(3yP fi^ya I kafiyP afe-flyy Oifi'Y permuted, 

= hctPyPy^-otP “h h(3yotPyfectf}~ I - ^yoipPy^aPi OC @' Y permuted, 

= 3h a pyPyk a p, apv permuted, 

since h ya p = hp ya = h a{ 3y . But, from (92-6) and (92-7), 

7 n 7 ' t> t djfg dXy dXy , _ t dXci dXj 3 

3 /lafiyPy ~ 2 >h ijk Pi ^ ^ ^ ~ 3 ijkPk ^ * 


As hpayPy = —hapyPy this is the transformation for the components 
of a six- vector. Therefore the definition (92-17) is justified, since it 
yields a vector of the second rank for the scalar product of a vector 
of the third rank by a vector of the first rank. 

The formula (92-17) follows the same rule as (92-9). If k a p y 
and ks do not contain a common suffix, the scalar product of the 
two unit vectors is zero. If, on the other hand, they do contain a 
common suffix, we arrange the product so that the common suffix 
comes at the end in the former, and then cross it out in both vectors. 

Thus fei23*^3 = ^12 a *id ^123* ^2 = — ^132*^2 — — &13 == ^3i- Simi- 
lar rules hold for the scalar product of other unit vectors, but, as we 
shall have no occasion to use them, we shall consider no further cases 
of the single scalar product. 

The double scalar product of two unit vectors of the second rank 
is important, however. We define this product by the relation 

k a p I feyb “ ^ocy^l 3 5 ^ab^P y (9^ 

To justify this definition we must prove that the double scalar product 
M : N of two six- vectors M and N is a scalar. From (92-1) we have 

M : N = N : M = m a p? 7 a p — m a pnp ai a (3 permuted, 

= imapnotpy a (3 permuted, 

since np a = — n a p. Now, by (92-3) and (92-7), 

f f d* tc & diV q d jc & di % q t t .. . 

im a gn a $ - = imy n ih tj permuted. 


which proves that M : N is a scalar. 

Since we employ only the permutations 12, 23, 31, 14, 24, 34 in 
the suffices of unit vectors of the second rank, it follows from (92—1 8) 
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that k a p : k y s vanishes unless -yS is identical with <*/3, in which case 
the product is unity. The product 

M : M = Mil + + Mil + Mlt + M| 4 + Mh 

is known as the square of the six- vector M. 

93. Four-Dimensional Formulation of the Equations of Electro- 
magnetism. — We start by expressing the held equations (62—1 'za) to 
(62—12^) in four-dimensional vector form. From (92-15) we have for 
the four-dimensional divergence of the field six- vector (91—27) 


0 -M*= - i ( 

">( 

-( 


+ 


dE z 

dy 


dE, 


y 


dEz 

dx 

dEy 

dx 

dB x 

dx 


+ 


dz 

dEx 

dz 


_ dEx 

dy 

+ ^ + 

dy 


dBj 

dz 


1 dB x \ 

L ^f) kz 

c dt / 

■)k 3 

) *4. 


H- 


+ 


i dB 


(93- 1 ) 


Comparing with (62-12) we observe that the equation = o 

expresses, in its three space components, Faraday’s law (62— I2r), 
and, in its time component, Coulomb’s law (62-12^). 

Again, the four-dimensional divergence of the field six-vector 
(91-28) is 


ON = ( 

( 
( 
*( 


+ 


dFz 

dy 


”b 


+ 


dF z 

dx 

dF v dFz 


+ 


dFx 

dz 


1 dD 

c 


dx 

dDx 

dx 


dy 


1 dDy t dD z 

+ '¥7 + _ 5 r 


dFy _ T_ ^7) A ^ 
dz c dt ) 1 

*) 

) 

) 


dt 

l dD z 
c dt 




£3 


(93-2) 


If we equate this to the current four-vector (91—25) we find that the 
three space components of the equation 0>-N = P represent the 
Ampere-Maxwell law (62-1 2<7) and the time component represents 
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Coulomb's law (62—12,#). Incidentally we notice that the equation 
0 -P = o is the equation of continuity (62—1). 

Next we write down the scalar product P-M of the current four- 
vector (91-25) and the field six-vector (91—26). From (92—10) 

P*M = ^ ” pV yB z — — pV. z B y + pE x ^ ki 

+ - pV X B Z + - pV, Z B X + pE^ k 2 

+ ^ - pK x B y — — pV. V B X + pE ks 

+ - ^ py x e x 4- py y E y + py z e z ^ & 4 . (93-3) 


We observe that the three space components of this four-vector are 
the three components of the force per unit volume ( 6 a— lie) on the 
free charge p, the time component being proportional to the rate at 
which the field does work on the free charge. If we understand by 
F this four-dimensional force the electromagnetic equations (62—12) 
assume the simpler form 


0-N = P, (a) 0‘M* = o, (b) 

F = PM, (c) 


(93-4) 


in four-dimensional vector notation. 

By forming the double scalar product of pairs of six-vectors 
selected from (91—26) to (91—29) we obtain a number of invariants 
of the Loren tz transformation, of which the most important are 


M : M = M* : M* = B 2 - E 2 , 

N : N = N* : N * = F 2 - D 2 , 

M : M* 2i (E X B X + E y B y + E Z B S _ ), 

N : N* 2i (D X F X + DyF v + D Z F Z ). 


Since vanishes identically, as proved in article 92, it 

follows from (93“ 4^) that the equation of continuity <(>*P = o is 
satisfied by the electromagnetic equations. 

It is very often convenient, in order to save writing all the com- 
ponents in full, to express the three space components of a four- vector 
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in three-dimensional vector language. Thus we may express the 
current vector (91—2.5) in the form 

P = - V + kiip 

c 

where V as k\V x + h^Vy -j- z . Adopting this notation, (93—1) 
may be written 

0 -M* = — iV XE--B - V Bfe 4 

c 

and (93—2,) in the form 

0 -N = V XF--D + iVDfet. 

c 

In the same way we may replace (93-3) with 

PM = p (e + ^V X b) + ^ pV • Eft 4 . 

In this form these expressions have a much more familiar appearance 
and consume considerably less space. 

Now, if we take the scalar product of (93-4^) by N* we obtain 

( 0 -M*)-N* = -V -BF - (V X E) X D + - D X B 

+ i {vxKF + lFB}*.-o, 

and, if we take the scalar product of (93-4(2) by M and make use of 
( 93 - 40 , 

(O-N)-M = V-DE + (V X F) XB-^DXB 
+ i jv X F-E - ^E f>} fc 4 = F. 

Subtracting the first of these equations from the second, we have 

F= — - — (D X B) + V*(DE -b BF) — VE-D — VF-B 
c dt 

— - {ED 4- F-B + pV • (E X F) )ft 4 . (93-6) 

C 

We recognize the space component of this four-vector equation as 
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the equation (70—1) which formed the basis of our discussion of electro- 
magnetic stresses, and the time component as the energy equation 
(69- 1 ). 

Next we shall look for a four-dimensional representation of the 
retarded expressions (50-7) and (50-8) for the scalar and vector 
potentials of a point charge e. Let y , z be the coordinates of the 
point occupied by the charge at the time /, and xp , yp, z P , ip the 
coordinates and time at the field-point P. Then 

R = k\(x — x P ) + k 2 (y — y P ) 4- h z (z — z P ) -f fe 4 i c(t — t P ) (93-7) 

is the fundamental four-vector expressing the space-time interval 
between these two events. Operating with the invariant differential 
operator (91—20) and dividing by the universal constant c we obtain 
the four- vector 

G = kiK— + k 2 K— + k s K— + kJK, (93-8) 

c c c 


which is just the four-vector velocity (91—22) divided by c. The 
scalar product of R and G is 


R-G = K 


(x—x P )V x ( y~yp)V v , (z—zp) V j 


+ 


+ 


— c{t— ip) \ (93-9) 


Now, if r = ki(xp — x) + &2 (yp — y) 4 - kz(zp — 2) is the three- 
dimensiona] position vector of the field-point P relative to the charge, 
the condition for retardation is r — c(t P — t). Also ( x — xp)V x 
4 ~ (y — yp)V y + (2 — 2p) V z = — r- V. Therefore the retarded value 
of R*G is 


[R . G] = [*(,-^)] =[*,(, 



( 93 - 10 ) 


in terms of the velocity c of the moving-elements. If, now, we con- 
struct the four-vector 



*1 


— + k 2 
c 



V~ 

+ ft 3 — + fcti 

c 



(93-1 1) 


we notice that its space component is the vector potential A of a point 
charge e as specified by (50—8) and its time component is the scalar 
potential 3 > of the point charge as given by (50-7) multiplied by i. 
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Summing over all the elementary fields which extend to the point P, 
we have then 


W e 


Np r cjQi 


77 q 7 J — k\A x + + k-asig + k^iQ. (93—12) 


If, now, we take the four-dimensional curl of the four-vector 
potential W we find, by (92-13), 

(*A V BA A . ( dA z BA A, , (ba x a a 


oxw 


- (2 - f >.■+ ( 


r v\ t 1 ( dAx dA *\h 

rJ fe23+ v*r - ur : 


33> i dA. 

1 

dy c dt 


&24 + i 


i dAz 

.dz c dt 


^ 34* 


(93~ I 3) 

Referring to (50-5) and (50—6) we observe that the components of 
the six-vector ()XW are H z , Pf*, Pfj/> — iPxj — iPy> — iPz- But these 
are the components of the field six- vector M specified by (91—26), 
since B and H are merely different symbols for the same physical 
quantity. Hence the three-dimensional vector equations H = VXA 
and E = — V<I* — (i/r) A are both contained in the single six-vector 
equation 

M = 0 X W. (93-H) 

Finally we shall express the equation of motion (57—12) of the 
Lo rent/, electron in four-dimensional vector notation. If we take 
the scalar product of the ratio G of the four-vector velocity to the 
velocity of light given by (93-8), and the field six-vector M specified 
by (91-26) multiplied by the constant charge e of the electron, we 

g et x 


•M — cK 


+ - VyH Z - - V z Hy + E 
c c 




+ v x h z + - c w. 

+ ( 1 Vtfv - 1 V tf- 

\ c C 

+ ~ ( V X E X + VyE y + V Z E 
= ^A'|e + -VXH + - V-Eft 4 }, 


+ - V Z H X + Eyj k 2 


+ E z )k 3 


)*4 


C93- 1 5) 



448 


FOUR-DIMENSIONAL VECTOR ANALYSIS 


provided we replace B by H in (91-26). We see, therefore, that the 
left-hand member of (57—12) is not the space component of a four- 
vector, but that it becomes one if multiplied by K. Multiplying 
the entire equation by K , then, and expanding the triple vector prod- 
ucts in the right-hand members, we have, if we omit the subscripts 
on E and H, 

^|E+ivxH} = mK 2 \t + vj - «AT 3 |f + K 2 ^ vj 

- 3«* 5 {^ f + K 2 ( f -7?) 2 v) + • • •• (93 -i6) 


The first term on the right is just the space component of the four- 
vector acceleration S given by (91-23), multiplied by the rest mass m. 
The sum of the two remaining terms, however, is not proportional 
to the space component of the four-vector time rate of change of accel- 
eration T specified by (91-24). Evidently a four-vector proportional 
to the four- vector velocity Q must be subtracted from T before we can 
make use of this vector. As the coefficient of Q in the subtrahend 
must be a scalar invariant involving only the components of V and f, 
let us consider the square of S as a possible coefficient. We find 


S 2 = S-S 


= * 4 ( 
= * 4 ( 


+ iK' 


f-V 


4 - K 4 


rv 2 v 2 \ _ 

r 2 c 2 ) 


K s 


f-W 

r 2 


/ 2 + K 2 


f* 


?) 


Consequently 

T-is 2 Q = fc 1 [^ s |/ ;r +iC 2 ^^ !t |H-3X 


5 




V. 


x 


+^2!* ■ * ‘ 1+&4 i cK 5 \ — 2 — 1 ~ 3 -^ 


D 


f-V 


<'-?)■)] 


(93-17) 


is the four-vector to the space component of which the sum of the 
second and third terms on the right of (93-16) is proportional. 

The equation of motion (93-16) of the Loren tz electron is given, 
then, by the space component of the four-vector equation 
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If we write f^for the scalar invariant operator .fiT^-this may be 
written more significantly in the form 


(^R) -M = m& 2 R—nl & 3 R-- 2 (& 2 R) • (^ 2 R)^R 


M • (93 — 1 9> 


The time component of the four- vector equation (93—18) is 


<?E-V - mK 3 f-V - nK^i V + 3 K‘ 


f-V' 


+ 


(93-20) 


It is evident from (57—12) that this represents the rate at which work 
is done by the impressed field. 

94. Tensors. — In the language of tensors a scalar invariant is a 
tensor of zero rank and a four-vector a tensor of first rank. The tensor 
of second rank, with which we shall be concerned in this article, is the 
four-dimensional analog of the dyadic in three-dimensional vector 
analysis and, like the latter, can best be thought of as an operator, 
which, when multiplied into a four-vector, yields a new four-vector of 
different magnitude and different orientation, the components of 
which are homogeneous linear functions of the components of the 
first four-vector. 

The general tensor of the second rank is represented by 



^ = aapkakp, ai 3 permuted. 

(94-1) 




= a'ijkikj', ij permuted. j 

From (91-3) 

we find 



t dx / dx/ 

a tj a aP 

(94—2) 

and similarly 

a ~ a<i dx/ dx/ 

(94-3) 


for the transformation of the elements of the tensor. 

— a a [ 3 the tensor is said to be symmetric, and if a p a = — <z a/ 3, 
skew-symmetric. The symmetry properties of a tensor are invariant. 
To prove this, consider a tensor which is symmetric when referred to 
the unprimed axes. Then ap a = a at 3. Now, from (94—2), 


, dx/ dx/ dx/ dxj' 

a " = “t* 17? T7 a = aal> 7^ Z77 p 

nilarly ~~~ if* ^ ct(3 * 


<x 


ZJ* 
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Taking the scalar product of the tensor 'J? with the four- vector P 
we get 

^•P = a a pPpk a . 

To show that this a four- vector we have from (91—5) and (94—3) 


&ct{iP p &ijP k 


f dx a dxp dxp 
dx/ dx/ dx/ 


«i:P/ 


dx a 

dx/ 




which is the transformation (91—5) for the components of a four- 
vector. 

The conjugate of the tensor SP is formed by interchanging the 
antecedents and consequents of SP. Thus, if *P is represented by 

(94-1), 

~ b a plZ a 1Zp ) b<xfi — &(3oi‘ 

By (94-2) 

, , dx/ dx / dx / dx/ 

&ij ii = a $<x ~ ' “ = ba \ 3 ~ ' “ * 

dxp dx a dx a dxp 

Hence, if ^ is a tensor, is also. 

If we construct the array 


out of the coefficients m a p of (92—1), defined in terms of the com- 
ponents M a p of a six-vector by the relations mi 2 = —m 2 \ = 
etc., ^ is a skew-symmetric tensor of the second rank since the law 
(92—2) for the transformation of the quantities m a p is identical 
with the law (94—2) for the transformation of the elements of a 
tensor, and, in addition, mp a — — map. 

The contraction of a tensor NP is the quantity obtained by putting 
a dot (scalar product) between the unit vectors in each term. Thus 
we obtain a aoi for the contraction of ^ = a al pk a kp. That this is a 
scalar invariant is proved very simply as follows: 


&a{3 


dx/ dx/ 
dx a dxp 




Therefore the sum of the elements on the principal diagonal of any 
tensor of the second rank is a scalar invariant. 

If we take the scalar product of two tensors ^ = a a pk a k p and 
# = bytkyks we get 

* $ & GLfjb p fak/kfa • 
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To prove that this is a tensor we note that 





dx a dxp dxp dxs 
dxj dx/ dx/ dx/ 



dx q dx 3 
dx/ dx/ 


Now we shall construct an important tensor known as the stress- 
momentum-energy tensor. First we write down the two skew-sym- 
metric tensors built from the components of the six-vectors M 
(91-26) and M* (91-27). These are: 

@ = oftifei 4 " ^ B 3 k\k 2 iBykfo 2 lE x kik 4 

— \B z k 2 k\ 4 " Ok 2 k 2 4 “ ^B x k 2 k 3 ~~ ^F y k 2 k 4 
+ iByk^ki — \B/k 3&2 + ok 3 k 3 — ^F z k^k 4 

-j- \\E x k 4 k x + \\Eyk4h2 + ^i E z k 4 k 3 + o^ 4 ^ 4 > (9 4 “ 4 ) 

X = ofeifei - |i£*fei&2 + ii^j/fei^s + %B x k x k 4 

-f- T%\E z k 2 ki 4~ ok 2 k 2 ^E/k/^-Z 4 " * 2^*4 

— rjlEykzki + %\E x k 3 k 2 + 0fe 3 fe3 + 2 B z k 3 k 4 

— |£xfe 4 fel - hByk^Z - \B z k/k 3 + ofe 4 fe 4 . (94-5) 


Next we write down the conjugates of the two skew-symmetric ten- 
sors built from the components of the six-vectors N (91-28) and 
N* (91-29). They are: 

$ = oklkl — \Ezk lk 2 + \Eyk 1&3 4- \\'D x k/k^ 

+ %F z k 2 k 1 4 - ok 2 k 2 — \F x h 2 k z 4- 

- + \F x k 3 k 2 4 - ok s k 3 4 - \\E>z*zK 

- \\Dxk A k x - \\ Dyk A k 2 - %iDzk 4 k 3 4 - ofe 4 fe 4 , (94-6) 

fl = ofeifei 4- ^E) z kxk 2 — \\D v k{k 3 — \Fxk x k 4 

- ^\D z k 2 ki 4- ok 2 k 2 4- &Fxk 2 k 3 — 2 F y k 2 k 4 

4 - %iD y k 3 ki — %\D x k 3 k 2 4- ok 3 k 3 — \F z k 3 k 4 

4 - \F x k 4 k 1 4 - \F y k A k 2 4- \F Z k 4 k 3 4- ofe 4 fe 4 . 


(94-7) 
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The stress-momentum-energy tensor > 3 ? is defined as 

M* as a a pk a kp = 2,(X-12 — $•©). ( 94 — 8 ) 

We find for its elements 

an = \(E X D X — E y Dy — E Z D Z ) + i(F x B x — F v B y — F z B z ) y 
a\ 2 == E y D x 4 ~ FyB Xi 
a%\ ~ E x Dy 4 " F ' x-Byy 


ai 4 = — i(E yJ F 3 — E z F y ), 

#41 = \(JDyB Z EzBy')} 

<244 = E X D X 4 - EyDy + E Z D Z ) + i(F x B x 4 - F y B y 4 - F Z B^). 

Comparing with (70-8), we recognize the pure space elements 
a\n ^i 2 j ^13; #21, ^22, ^23; ^31, ^32, ^33 of this tensor as the electro- 
magnetic stress elements X Xi Y Xy Z xy X yy Y yy Z y ; X zy Y zy Z z of the 
three-dimensional stress dyadic. Furthermore, reference to (69—5) 
and to (70—11) shows that the space-time elements <214, #24, <*34 are 
the three components of the Poynting flux s multiplied by — \/c and 
that <241, (242, £43 are the three components of the linear electro- 
magnetic momentum gi per unit volume multiplied by — i<r. Finally 
comparison with (69—3) and (69—4) reveals that the pure time element 
«44 is the electromagnetic energy u = ue 4 - uh per unit volume. In 
terms of these quantities the stress-momentum-energy tensor is 

m 

W = X x k\ki 4 - Y x k ik 2 4 * Z x kik 3 — - s x kik4 

c 

m 

+ Xyk 2 k 1 + Yyk 2 k 2 4- Zyk 2 k 3 Syk 2 k 4 

c 


4" X z k 3 ki 4- Y z k 3 k 2 4" Z z k 3 k 3 s z k 3/24 

c 

ICglxkiki lCglyk 4^2 i^^Za^ 4^3 4 " ZZ&4/Z4. (94 9 ^ 

Although the tensor 'F is not in general symmetric, it becomes sym- 
metric in empty space where D = E and B = F. 
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If, now, we form the four- vector 



— + — 
dy 6z 






|d£ My dZz 

i dx dy dz 



ifdj* , aj„ 

*»*< 1 ' «J<H 

4 a* dy 




we recognize the three space components as the three components of 
the electromagnetic force per unit volume and the time component 
as i/c times the rate at which work is done by the electromagnetic 
field per unit volume. But these are just the components of the 
four-vector P M specified by (93-3). So we have the relation 

( 94 -10 ) 


F = P-M = <H. 



CHAPTER 10 


GENERAL DYNAMICAL METHODS 


95. Equation of Motion. — In this chapter we shall discuss the 
motion, relative to an inertial system, of a group of charged particles 
of charges *1, <?2, £3, • • • and rest masses m 2, m 3, * • • placed in an 
external electromagnetic field of scalar potential $ 0 and vector poten- 
tial A 0 , the potentials 3> 0 and A 0 being, in general, functions of the 
time as well as of the coordinates x i y, z. For the kinetic reaction of 
an elementary particle we shall take the mass reaction of the Lorentz 
electron, neglecting the small higher order terms responsible for the 
radiation of energy, but taking into account the variation of mass 
with velocity. In this chapter we shall depart from our previous 
notation to the extent of designating the velocity of an elementary 
particle by v instead of V, since we wish to reserve the letter V for 
potential energy. 

In accord with (57—14), the equation of motion of the zth particle is 

(m H Vi) = ‘i MS; +%jX h) , ( 95- 1) 


where E* and H* are the electric and magnetic intensities at the point 
*i> yu occupied by the particle at time t , due to external causes 
and to all the other particles of the group, and mt% is the transverse 
mass 


m t i = 



( 95 ~ 2 ) 


If and Ai are the scalar and vector potentials at Xi,yi,Zi at time t , 
due to external causes and to all the other particles, we can express 
E i and H i as derivatives of and A* by means of (50-5) and (50-6). 
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Hence, as v* X H* = v* X (V» X A »•) = V^A — Vj-ViAj, the 
equation of motion (95-1) becomes 


— (mtiVi) = — — y"|”^ “b v **^*Aij 


^ • 

H — " V iAi* 

c 


But 


aAi 

a/ 


+ v$* V«A® 


aAj aAj dxj 
a/ a^- dt 


9Aj dy i 3Ai dz<t 
dyi dt dZi dt 


dAi 

dt 


■ (95-3) 


Consequently the equation of motion may be written in the form 



mtiVi 


+ 



- "ViAi*Vi — — eiVi&i. 

c 


( 95 ” 4 > 


The portions of the scalar and the vector potentials due to other 
particles of the group are given by (56—4) and (56-5), in which it must 
be remembered that the operator dfdt acts on the coordinates and 
velocity components of the particle producing the field. We shall 
retain the first three terms in (56-4) and only the first term in (56-5). 
As A i is everywhere multiplied by i/c in (95-4), this means that we 
are including in the equation of motion all terms in (1/c) 2 and lower 
powers. Since we are neglecting the dissipative terms responsible 
for the radiation of energy, we may anticipate that the approximate 
theory which we are developing will be that of a conservative system 
when the external field is static. 

Putting Tij = i(xj — Xi) + j{yj — y d + k(zj — z*) for the posi- 
tion vector of the^’th particle relative to the z’th, we have for the scalar 
potential at x^ y z x -. 


= $01 




+ q 2 
[47 rrij Hire 


ej d 2 r 


ij 


dt' 


J ^ *> 


( 95 - 5 ) 


since the time derivative in the third term of (56—4), acting only on 
the coordinates Xj , y 3 , z j contained implicitly in the scalar m, is 
equivalent to the partial derivative with respect to the time in our 
present analysis. The vector potential at Xi y yi y z* is 



- A 0 i 4 - 


ZCjVj 1 


j i. 


( 95 - 6 ) 
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Now 


dr 






and 


- V, 


dt 

drij 


Ti 


%3 


dt 


Hence 


« * 

r 


Vj • r ijX ij 
r ..3 

7 zj 


d^Tjj d_ fv/ _ YLlJlIll l 
1 dt 2 5 / 1 Tij rij 3 J 

= fLjS. _ grlHlij l _ V .. v . {XL _ XtIhEh I 

dt [rij 3 J a a Irfy r<y 3 J 


as in (95—3)- So, if we put 

= $> 0 . +y 2 ~i 2 - , j ^ i, 

y^ 4 7rr «y 




( 95 “ 7 ) 


B, 


y £y |V^ _ Yj-tijTi/ 
~~ ZjJ%ttc [rij r ^ 3 

— / y 0 > J ^ 

OTCC Tij 


( 95 “ 8 > 


the equation of motion (95-4) becomes 

^ (Af + B/) j — — 


{ V iAi • Vi + Vi • V iBi } = — <?;V *¥*■. (95-9) 


We can, however, put this in simpler form. For v* X (V* X B»-) 
vanishes since B i is the gradient of a scalar function by (95—8). There- 
fore, expanding the triple vector product, we find that Vi-V^B* — 
V iBi ’ Consequently (95-9) may be written 

J t {« 4i Vi+j (Ai+Boj-V.j jVi- (Ai + Bi) - *<¥<} = o. (95-10) 


This is the form of the equation of motion on which our subsequent 
analysis will be based. 

The similarity of equation (95—10) to the Newtonian equation of 
motion of a particle in a conservative field should be noted, the 
expression in braces in the first term of (95—10) corresponding to the 
linear momentum of the particle, and the negative of that in braces 
in the second term to its potential energy. 
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96. Lagrange’s Equations. — If the group of charged particles 
under consideration is subject to constraints, the totality of rectangu- 
lar coordinates of the particles of the group are not all independent. 
In such an event it is convenient to introduce a set of independent 
generalized coordinates qi t q 2> * • q f equal in number to the / degrees 
of freedom of the dynamical system. Even if we are dealing with a 
single particle subject to no constraints, and therefore there is no 
question of a reduction in the number of coordinates, we may find it 
necessary to employ spherical or other coordinates in place of rec- 
tangular coordinates. Such a purpose is equally well served by the 
introduction of generalized coordinates, which may represent angles or 
quantities of quite involved physical dimensions in place of distances. 

Since the configuration of the dynamical system is completely 
specified by the generalized coordinates qi, q 2 -> • • • q / 3 we may express 
the position vector r» = ixt + jy% + kzi of the zth particle as a func- 
tion of the generalized coordinates, writing 


Ti — Tiiqi} q 2y 

Then the velocity of the particle is 


£/)• 


dti . f dr i . , 

Ti — ~ q\ + — - q 2 -r 


, dr i . 

+ ~ qs 


dqi*' ' dq 2 ^ ' ' dq f 

and, regarding this as a function of the g’s and the £’s, we find 

dii dr i 


(96-1) 


(96-2) 


dq* dq. 


( 96 - 3 ) 


Furthermore, 

± ( tii \ _ ■ . 

dt \dq 8 J dqidq a 1 dq 2 dq s 


d 2 I \ 


q 2 + 


+ 


d 2 r, 


X . 1 / /• y 

T ~ 7 7 / “ T~ ( 9 6 " 4 > 

dq/dq 8 dq a 


from (96-2). 

Now we take the scalar product of the equation of motion (95—10) 
by dr i/dq 8 and sum up over all the particles in the group. Writing 
ii for Vi and using (96-3) and (96-4) this gives 




ii H (Ai + Bj) 

c 


a ri] 

* dq 8 J 

+ 7 (Ai + Bi) } • £ 

S £ ■ Vi F ii ' (A< + B,) - ei *‘ 


dq t 


o. 


(96-5) 
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In all, we have j equations of this form, one for each of the f degrees 
of freedom of the dynamical system. 

The sum of the intrinsic kinetic energies of the individual particles 
is, in accord with (57-1 8), 

r. - - ]£} miC * 


V- - 

We need here a related function 


(96-6) 


Evidently 

Now 


dTJ yv nu 


— S^iir 2 yji 

r» ii 

«* • 

( 9 6 “ 7 ) 

2 m t iXi'Xi . 
i 


(96-8) 

dii vi 

• — = Zimun • 
dy s * 

dfi 

(96-9) 


which is just the first part of the expression in brackets in the first 
term of (96-5). Also 

di i = _ S 


37V 


dq* 


=-E 


nu 




Ti * 




. dr*- 

imuTi • — (96-10) 




is the first part of the second term in (96—5). 

From (95—6) and (95—8) 

Ai + B * = Aoi +X) ^ + £L ^? Ea l > (96_ii) 

where A 0 i is the vector potential of the external field. Hence 

\ ^ e i /* , -rj \ dij V > 6f i 

> — (A, Bi) • — = > — A 0 i • 

C dq a C 


dq a C dq a 

, / 1 . dr*- , I 

+4- 1^ r ' • af. + ^7 ry ryry • 


af, 

d#- 


, J ** *, 


d f" \ A A . , \ ^ ^ i ■ ij r ij • f %t ij • f j . 

~ if. [4^ +4^16^? V77 + ' rf J J ’ 
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since Ao* is not a function of the qs. We call 



(96-12) 


the magnetic kinetic energy of the group of particles, since the vector 
potential A 0 of the external field is responsible for it, and 


m 


-Z 


e %e j 


(i 


13 


— 1 * ZJ. _L 

i6ttC 2 \ Tij 


' ij ' r ij * tA 

“ 7 ? /’ 


J ** i. 


(96-13) 


the mutual kinetic energy , since it is due to the interactions of the 
particles in the group with one another. Hence the remainder of the 
expression in brackets in the first term of (96-5) can be expressed in 
the form 

- (A,- + B,) • p = ( 7 s + T m ). (96-14) 

c dq a dq a 



Now we shall consider the contributions to the second and third 
terms in (96—5) made by the first term A 0 i in the expression (96—11) 
for A i + Bj. In so doing we must remember that Vj in the last term 
of (96-5) operates only on the coordinates and not on the velocities 
r i. As 


dTi ^ dxi d dyj d dZi d 
dq 9 1 dq a dXi dq a dyi dq a dZi 5 


(96-15) 


it follows that 



_ & i » 

V i Ao i * r 1 
c 



dTjr 
dq a ’ 


(96-16) 


where, in the right-hand member, the q a contained implicitly in the 
r’s is varied as well as the q a in the r’s. 

Next we must evaluate the contributions made to these two 
terms in (96—5) by the rest of the expression (96—11). As an aid to 
this calculation we note that 
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and similarly 



Also, remembering that the V’s do not act on the r’s. 



(96— 1 7 ) 


(96-18) 


(96-19) 


provided r * and r y are not varied. Consequently the contribution to 
(96—5) which we are calculating becomes 
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where the q 8 contained implicitly in the i’s is varied as well as the 
q 8 in the r’s. 

Finally, making use of (96-17) again, 


Y) £* • = 2^,— • y Al +J2-1T- (r) 

L-d dq a * dq 8 4-ir dq 8 \nj/ 


dqt 


dq* ™ 4 71 " 3*. 


We call 




F = ^ ~ ~ y j ^ *> 


(96-21) 


(96-22) 


(96-23) 


the potential energy of the group of particles. Then 

dr* xv f T \ dV 

dq# 

We define the kinetic potential or Lagrangian junction jSf by 

& - Tj + T m + T H - V. (96-24) 


z 


While 7V, T m and T H are functions of both the q s and the q s, F is a 
function of the ^’s alone. Consequently dF /dq 8 — o and equations 
(96-5) become 

d_ 

dt 


f*Jf\ 
/ 


V 


dq« 


— o, S 1 , 2 , 


/• 


(96-25) 


These second order differential equations of motion, of which there 
are as many as there are degrees of freedom, are known as Lagrange's 
equations. 

For reference we shall set down the explicit expression for the 
kinetic potential. From (96-7), (96-13), (96-12) and (96-22), we 


obtain 



+ Z7 A °<- fi - 0 .' - 2J 

% a 




€ { €j 


87 rr 


(96—26) 




Obviously the kinetic potential must be expressed as a function of the 
generalized coordinates q\. q 2 , • • * q/ and the generalized velocities 
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qu fa, * • * qf before the partial derivatives appearing in Lagrange’s 
equations are formed. When necessary to avoid ambiguity we shall 
draw attention to this fact by writing (q 3 q ) for this function. In 
cases where the external electromagnetic field varies with the time, 
<£<h* and Aoi are functions of the time, and contains t explicitly as 
well as qi , q 2y ’ ’ ‘ qf and q l3 q 2 , • • • qf. 

Consider the quantity 


v • v . dT v ' - v dTm 

- T * + - T ' 


m 


From (96—9) and (96—3) 


4 - 2 q 8 ~ T H ~ 2 q 8 ^ + V. (96-27) 
* dq 8 * dq 8 



gjV 

dq 8 



8 

= 2wi t fi*r t -. 

t 


dij 

dq* 


qa 



This is just the expression (96-8). Hence 



dTV 

dqs 



which represents the total intrinsic kinetic energy of the particles. 

To evaluate the remaining terms on the right of (96—27) we make 
use of Euler’s theorem for homogeneous functions. This theorem 
states that, if F is a homogeneous function of at 1} x 23 * * * of degree p , 
then 


2 * a 


a F 

dx 8 



Turning to (96-13), (96-12) and (96-22) we observe that T mi 
Th and V are homogeneous functions of q \ 3 q 2 , • • • qf of degree two, 
one and zero, respectively. Consequently 



dTm 

dq 8 




Th = o. 



Hence 
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2 ?, — - -Sf= T v + T m + V. (96-28) 

This quantity is the sum of the intrinsic kinetic energy of the particles, 
the mutual kinetic energy and the potential energy. We shall prove 
next that it is conserved when the external field is static. Then we 
shall be entitled to refer to it as the total dynamical energy of the group 
of particles. 

Taking the total derivative of the kinetic potential with respect 
to the time we have 


v .. ase t ase t afg 

dt ‘ dq, + « ? * dq» + at 


yi .. df£ y, . d 

= + ^q s ~T 

a dq 8 & dt 


(f ) - 


dt ( 


from Lagrange's equations (96-25). Consequently 


d_ 

dt 


a£e 


* d qi 


aj & 

dt 


= o. 


(96-29) 


If the external electromagnetic field is static, 3 > 0 and A 0 , and there- 
fore J^, do not contain the time explicitly. In such a case df£/ dt=o 
and (96—29) can be integrated, giving 


2 


a& 



- <£= u 9 


where U is a constant independent of the time. 


(96-30) 

Hence the sum 


v = r v + T m +v 


(96-31) 


remains constant during the motion. This is the law of conservation 
of dynamical energy . 

On the contrary, if the external electromagnetic field is not static, 
energy is being supplied to, or taken away from, the group of particles 
under consideration, the energy added per unit time from outside 
sources being — d.iffdt in accord with (96—29). Referring to (96— 26) 
we find that 


aj£ 

dt 


_ ZiCi 


dt 


Z e i dA.Q{ 
c dt 


= ± (2 - Ze, (vi* oi + - ^) • r f . 
dt * » \ c dt / 
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As the electric 
given by 


intensity Eq of the external electromagnetic field is 


„ 1 dA 0 

E 0 - - V# 0 

c at 




we can write this in the form 


dt 


= a - (S^* oi ) 

dt » 


+ S^iEoi* r %. 

t 


(96-32) 


We recognize in the first term on the right the time rate of increase of 
the portion of the potential energy (96—22) due to the external field, 
and in the second the time rate at which the external field does work on 
the group of particles. Therefore the rate at which the intrinsic 
kinetic energy, mutual kinetic energy, and that portion of the poten- 
tial energy of the group of particles which is due to their mutual inter- 
actions, increases, is equal to the rate at which work is done on the 
particles by the external field. This, of course, is what we should 
expect. 

97. Applications to Circuit Theory. — We shall make some appli- 
cations of the theory developed in the last article to closed circuits 
carrying currents which are either steady or varying so slowly with 
the time that we can consider each current to be the same at any one 
instant throughout its length. 

The intrinsic masses of the free electrons constituting a current are 
so small compared with the masses of the atom cores forming the 
conducting wire in which they move that we need consider only the 
latter in evaluating T v and T v r . Furthermore the greatest velocities 
acquired by the conductors are so small compared with the velocity 
of light that we may neglect the variation of mass with velocity. This 
enables us to replace both T v and T v f by the Newtonian expression 

To — ? (97-1) 

for the intrinsic kinetic energy, where the velocities are only those of 

the gross matter constituting the conductors. The fact that T v and 

7V, when we retain no terms in powers of ii/c higher than the second 

in the binomial expansion of the radical, differ from To by the large 

constant need cause no concern since this constant disappears 

% 

when we form the derivatives (96—9) and (96-10). Finally, as To is a 
homogeneous quadratic function of qi, j r 2> * • ’ £/> we get the same 
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expression (96—28) obtained before for the total dynamical energy 
with To replacing T v . 

The significant part of the energy of a system of current circuits 
is the mutual kinetic energy T m . First we shall calculate the mutual 
energy of two linear circuits in which currents i\ and i 2 are flowing. 
If a current i is due to a charge de moving with velocity v in an ele- 
ment of length d\ of a circuit, vde = id\. Consequently the part of 
(96-13) representing the mutual kinetic energy of the two circuits is 


T m M = 


* 1*2 
8 ire 2 


// 


d \i * d\ 2 
?*12 




T12 ' d\\Ti 2 • d\ 2 
ri2 3 


( 97 “ 2 ) 


the doubling of the numerical coefficient being due to the fact that i,j 
in (96—13) take on the values 2. 1 as well as 1, 2. 

Consider the second integral in (97-2). Keeping x\, yi, z 1 con- 
stant, we shall integrate first around circuit (2). Then d \ 2 = dxi 2 , 
and 



' d\\ T12 ’ dt \2 


r vi 


3 



• dx\2 

r 12 



identically. The second loop integral on the right vanishes since the 
integrand is an exact differential. Hence, restoring d \ 2 for dx^ 
(97—2) assumes the simpler form 


'd'mM 


* 1*2 
47T C 2 



• d \ 2 
r \2 


(97-3) 


valid for closed circuits. 

That this expression is proportional to the magnetic flux through 
either circuit due to a unit current in the other is easily seen from 
(64—1). In accord with this equation, the vector potential due to a 
unit current in (2) is 


A x 



Consequently the magnetic flux N\ through ( 1 ) is given by the surface 
integral 

Ni = f V X Aj -dtn = <f A, ii\i = — - <f 

J a 1 J 4 TTC J J r\2 

The mutual-inductance A/12 of circuit (1) relative to (2) is defined 
as the flux through (1) due to a unit current in (2) divided by c. 
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Evidently = M 2 i = Mon account of symmetry, where 

= £ £ dx ' dx * 

4.7 rc 2 J' / 


M 


(97-4) 


and. 


47TC“ */ w/ r 12 

T w jvf = Miii 2 — i { M 12 iii 2 + M 2 it 2 h\- (97 ”5) 

To find the mutual kinetic energy of the electrons constituting the 
current i in a single circuit we resolve the current into a large number 




of current filaments i 1, *2 j * * 
energy of these filaments is 


such that i — The mutual 


k 




+ 


DTTC fci** ^ 


riz 

ikiid\k' d\i 


Tl /• /• . . 


i 2 iid \ 2 -d\i 


ru 


2=3 

& /, 


r 2 i 


+ •* 


(97"6) 


where, in the last expression, / assume all permutations for which 
k 7 * l . 

Now the magnetic flux TV* through the £th current filament due to 
a// the others, per unit total current i, is 

47r« J rjci 

and the mean value of all such fluxes, weighted in accord with the 
magnitude of the current filament ik , is 

_i £ ikii dXje- d\i 

KCi 2 *. mJ 


N 


k 7^ l . 


47 vet 


k, l 


rid 


The self -inductance L of the circuit is defined as the mean flux N 
divided by c. Consequently 


* - ^ 5 / 


id\k • d\i 


rid 


k 9*1, 


and 


T mL = \Li 2 . 


(97-7) 


(97-8) 


If we take the current filaments all of the same magnitude, ik = i/n 


and 


L ~ 4« 2 « 2 E/ / 


d\k'd\i 

rid 


k 9 ^ L 


(97-9) 
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Evidently the finite cross-section of the circuit must be taken into 
account in calculating its self-inductance, for the self-inductance of a 
linear circuit is infinite on account of the factor 1 /rici in the integrand 
of (97-7) or (97—9). The self-inductance of a circuit depends not 
alone on its geometry, but also on the distribution of current through 
its cross-section. In the case of a steady or slowly varying current, 
the current density is constant over the cross-section of the conductor 
and L is a function only of the shape of the circuit. This is the case 
which we are considering. 

Finally we must evaluate the kinetic energy of a current circuit 
relative to the external magnetic field. From (96-12) we have 

Th — ~ Ao ■ d\ — -■ v X Aq • d<r „ = - TV, (97—10) 

where TV is the flux of the magnetic field through the circuit. This 
expression does not agree in sign with (64-18), since our present result 
represents work done by the electromagnetic forces whereas the earlier 
expression represented work done against these forces. 

Now we are ready to consider a group of n separate rigid circuits 
carrying currents z'i, z 2 , • • • t n . The total mutual kinetic energy of 
the group is 

Tm = \ \L\i \ 2 + + • • • + 

+ 1*2*1 + L 2 Z 2 2 •+■*•*+ A/2«*2*» 

■+■ Afnl*n*l + A/ n2*n*2 + * * * + A n Z n 2 } (97— I i) 

from (97—5) and (97-8), and the kinetic energy due to the external 
magnetic field is 

T u = ~ ( N l i 1 + N 2 i 2 + - • • + NJ n j ( 97 -I 2 ) 

c 

in accord with (97-10), where the N* s are the fluxes due to the external 
field. 

The kinetic potential (96—24) is 

— To + T m -j- Th — V (97 -1 3) 

with the Newtonian intrinsic kinetic energy Tq replacing T v r . The 
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first n of the generalized velocities $1, q 2 y * * * *•*£/■ may be taken 

as the currents z'i, z 2 , • * * the conjugate coordinates #i, £ 2 > ■ ■ * q n 
not appearing in the kinetic potential. The remaining degrees of 
freedom are those of the geometrical configuration of the circuits. 
The/ — n generalized coordinates corresponding to these degrees of 
freedom we shall designate by £i> £2 * * * £/— n* Then To is a function 
of the £’s and the £’s alone; T m is a function of the z’s and, through 
the M’s, of the £’s, but not of the £’s; T H is a function of the z’s and, 
through the TV’s, of the £’s, and also, if the external field is not static, 
of the time t\ and V is a function of the £’s alone, with t as an added 
variable if the external field is changing. 

Now we can determine the equations of motion from Lagrange’s 
equations (96—25). These equations separate into two groups: 


d_ (dSf\ 

dt \ di $ ) 

d_ ( d ^\ _ c 

dt \ ) d%r 


S = 1 , 2 , • • • 

r = 1, 2, • • •/ — n. 


(97“ I 4) 
(97- 1 5) 


The first group specifies how the currents change with the time, 
the second determines the electromagnetic forces acting on the 
conductors. 

Explicitly (97—14) yields the equations 


d_ 

dt 


|m s iz’i + * • * + Ms,a— i*s—i “b L s i a + M SfS 4.iz* a 4.i + * * * 


+ M an i n ■+- 


=0, s - 1,2, ••• n, 


(97-16) 


which tell us that in the non-dissipative system which we are con- 
sidering the algebraic sum of the electromotive forces in each circuit 
vanishes at every instant. Equivalently, the integral of this equation 
states that the total magnetic flux through each circuit remains con- 
stant. If the flux due to exterior causes increases, the current in the 
circuit must decrease sufficiently to compensate for that increase. 

Next consider a geometrical coordinate, say £ r , which specifies the 
position, either linear or angular, of circuit s. Then i~ r and £ r appear 
in To and £ r in V. Also £ r is contained in all the mutual inductances 
having s as one subscript and in N a . Consequently 
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. dM 8t8 — 1 . 3Mj s ^-i 
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aM 


an diVg 

a^r c d£ r . 


a^r 0_ri 


J = I, 2, • • • n. (97-17) 


Evidently the right-hand side of (97 — 17) represents the electromag- 
netic force or torque, according as £ r is a linear or angular coordinate, 
on the circuit. The expression in the brace is the total change in flux 
through the circuit per unit change in £ r , divided by c , in agreement 
with (64—13). So far as the magnetic field is concerned, the circuit 
tends to move in such a way as to increase the flux through it. 

Finally, as an example in which the coordinate conjugate to 
the current i is not absent from the kinetic potential, we shall con- 
sider a single circuit containing capacity C as well as self-inductance 
L, which is subject to an external electromotive force due to changing 

1 <? 2 

magnetic flux. If q is the charge on the condenser, V = — — , and, 

as before, T m — J Li 2 and 7 jj = — Ni. Therefore the kinetic poten- 
tial is C 

&= To + \L? + - Ni - - (97-18) 

C 2 u 


Evidently <7 is the coordinate conjugate to i since i — q. Conse- 
quently, as 7 \) contains neither i nor q , Lagrange’s equation for these 
conjugate variables is 


L 

dt 


Li — N 

c 


+ £ = °. 


(97-! 9 ) 


Rearranging terms, we have the familiar equation 

dt q _ £ dN 

L ~diC = ~~c dt 


(97-20) 


of circuit, with sclf-inductancc and capacity subject to an external 
electromotive force due to changing magnetic flux. 

98. Hamilton’s Principle and the Principle of Least Action. — In 
the /-dimensional configuration space of which q u £2, * * * are the 
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coordinates we can represent the geometrical state of a given dynami- 
cal system of f degrees of freedom at any one instant by a single 
point P (Fig. 109). As time goes on, this point describes a curve 
known as a trajectory or path . Let AB be a path described in accord 
with Lagrange’s equations (96— “25), the point A being occupied by the 
generating point P at the time t A and the point B at the later time tg , 
and let CD be a nearby path not necessarily described in accord with 
the equations of motion, the point C being reached by the generating 
point Q of this path at the time t A + A t A and the point D at the 

time ts *+* A/j 5. The first path 
we call a dynamical path and 
the second a varied path. 
Points on the two paths which 
are occupied by their respec- 
tive generating points at the 
same time are known as cor- 
responding points. If F is a 
function of the coordinates 
qx, ?2> * * * <lf and the velocities 
qu <22, * * * qf of the generating 
q-j point and perhaps also of the 
Fig. 109. time /, we indicate by 8 F the 

excess of F at a point on the 
varied path over its value at the corresponding point on the dynamical 
path. Since corresponding points are reached at the same time, 
explicit t is constant for this variation. 

If, now, we compare the time integral of the kinetic potential 
* * * 4 f, qu ' ' ' q/> 0 taken over the varied path CD with that 
over the dynamical path AB we find 



f D &dt - f 

Ac A a 


B 

^£dt — F/jjzfck tj% — -J- 



tB 

hJ^dt 


— J^gAt^ — J^AAt A 


As AB is a dynamical path. 



dt. 


d_ /cL$f\ 
dq& dt \ dq 8 ) 5 


J = L2 •••/, 
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everywhere along the path from (96—25). Therefore 

-f A ^ dt = ^ bAIb ~ ^ aAIa T hq ) dt 


dq 8 

But, if (A q a )s denotes the increment in q 8 in passing from B to D, 

(A q s )B = (f>q a )B + (qs)B&tB, 

and similarly, if (A^ s )^ is the increment in q s in passing from A to C, 

(A q a ) A = (8q 3 )A + (q s )A^t A . 

Consequently 


/ D B 

&dt-J m- J 2 


3 - 5 ? 

^ q 3 


A q a + 




(98-1) 


This is known as the principle of varying action. Hamilton’s 
principle and the principle of least action are special cases of this more 
general result. 

(I) Hamilton' s Principle. If the termini of the varied and dynami- 
cal paths coincide and are occupied by their respective generating 
points at the same time, A q x — &q 2 = • • • = A q a = At = o at both 
A and B. Then n 

f SSU - f f£dt = O 
Ac A A 

or, more compactly, ^ 

5 J JZill = o. (98-2) 


This is Hamilton’s principle. It states that the time integral of 
the kinetic potential along a dynamical path has a stationary value as 
compared with this integral along all nearby varied paths which 
{a) have the same termini and (/;) are describee! in the same time. It 
is equivalent to the Lagrangian equations of motion (96-25), which 
can be deduced from it. 


(II) Principle of Least Action. The principle of least action is 
less general than Hamilton’s principle in that it deals only with 
conservative systems for which 

pff ? 

qa ~ U (a constant). 

do* 


£ 


(98-3) 
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We compare with the dynamical path only those varied paths 
(a) which have the same termini as the dynamical path and (b) for 
which the energy U is the same. Under these conditions (98-3) gives 

f D -£- *^ dt _ d J?dt = f D &dt - r&dt + | Uhl ' B 

Jo 8 d q* Ja 8 °qs Jc Ja 

But, under the same conditions, (98-1) becomes 


Consequently 


yxJD fB 

/ £f?dt — / o *f?dt = — | UAt |^. 

c •d A 

aa - Aa . 

Ja 8 da a Jj t s oq s 


r c 8 dq& J A 8 " 0 q s 
This is the principle of least action , the time integral 


(98-4) 


- f d -f*‘ 

J * dq 3 


(98-5) 


being defined as the action along the path. In terms of S we can 
write (98—4) in the simple form 

5S = o. (98—6) 


The principle of least action states that the action has a stationary 
value along a dynamical path as compared with all nearby varied 
paths which have the same termini and the same constant energy. 
It should be noted that the varied paths are not, in general, described 
in the same time as the dynamical path. In spite of the adjective 
“ least ” in the name of the principle, the action along a dynamical 
path is not necessarily a minimum. 

99. The Canonical Equations. — The generalized momentum 
p s conjugate to the generalized coordinate q s is defined in terms of the 
kinetic potential by the relation 



a-gj g) 



3 


s L 2, ■ • ■ f. 


(99- 1 ) 


Evidently there are as many generalized momenta as there are 
degrees of freedom. Solving the / equations (99—1) for the q 3 s, we 
are able to express each generalized velocity as a function q a (q-, p) of 
the coordinates and the momenta. Substituting these expressions 
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for the appearing in q ) we can express the kinetic potential 

as a function o£f(^, • p) of the coordinates and the momenta. 

The Hamiltonian junction p , is defined by the relation 


^(p> ?) — ^Ps'qsiq, P ) — J^(?, p). (99-2) 


Asps — dj 5 f(<?, q)/dq a by definition, it follows from (96—28) that 
?) Is the total dynamical energy, that is, the sum of the intrinsic 
kinetic energy, the mutual kinetic energy and the potential energy of 
the group of particles, expressed as a function of the generalized 
momenta and the generalized coordinates and, if the external field is 
not static, of the time as well. 

Let us find the partial derivatives of J^p, q ) with respect to the 
coordinates and the momenta for a dynamical system obeying 
Lagrange’s equations (96-25) which may be written 


Pr 


q) 

dq r 


1 t a, •• •/, 


( 99 - 3 ) 


in terms of the generalized momenta. The relations so obtained are 
known as the canonical equations. 

Differentiating with respect to q r we have 


But 


c),y^(p, q) ^ dq„(q, p) djj?{q, p) 

— 2 jP« .. ~ ' 

oq r « <)q r oq r 

dj^Qy p) _ g) , ?) aj^Cgs p) 

dtf r d<? r dq 8 dq r 


— pr + ^P* 


a? a (<7, P) 
d<? r 


by (99-3) and (99-1). Consequently 

D. /jX p, q) 


pr 


dq r 


r = 1,2, 


/• 


Next, differentiating ,/^(p, <7) with respect to p 


r> 


<)' /r(p, q) 

dp r 


qr -h 2 jP« 


v dq«(q-> p) d y (<?, p) 

/-j -A ^ — - ■ " • 


dp, 


dp, 


( 99 - 4 ) 
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Now 


dJZXq* P) 

dp T 




= 2p 

by (99—1). Therefore 


dJ$f(g, q) dgsifr p) 
dq 8 dp r 

dqsig, P) 


qr = 


” dpr 

djtfXp, q) 
dpr 1 


r — 1 , 2, • • • /. 


( 99 - 5 ) 


The /pairs of first order equations, (99-4) and (99-5), are equiva- 
lent to Lagrange’s equations. Evidently the group (99—5) are merely 
definitions, since we used (99-1) alone in obtaining them. The 
equations of motion are contained in (99—4). In future we shall write 
drffin. place of p, q ), always understanding by the Hamiltonian 
the total energy expressed as a function of the coordinates and the 
momenta. 

The total derivative of ^ with respect to the time is 


dt 


T hr, * + i£* r j + ir 


dt 


(99-6) 


by the aid of the canonical equations (99-4) and (99-5). Since 
can contain explicit t only through the potentials of the external field, 
this constitutes another proof of the conclusion reached in (96—29) 
that the dynamical energy of the group of particles remains constant 
if the external field is static. 

100. The Hamilton- Jacobi Equation. — Lagrange’s equations or 
the canonical equations merely enable us to set up, in convenient 
form, the differential equations of motion. Now we shall develop a 
method of obtaining the integrated equations of motion of a conserva- 
tive dynamical system. In doing so we shall make use of Hamilton’s 
principle (98-2). Although Hamilton’s principle requires the time 
integral of the kinetic potential to have a stationary value along a 
dynamical path as compared with all nearby varied paths which 
have the same q’s at the two termini and which are described in the 
same time, we shall consider here only those varied paths which have 
the same p’s in addition to the same q s as the dynamical path at the 
two termini. 
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As the system is conservative — which means that the external 
electromagnetic field is static — the total dynamical energy remains 
constant during the motion, and therefore 


- pf, qi, • • • qj ) = oil (a constant) (ioo-i) 
along a dynamical path. 

The integral which appears in Hamilton’s principle is 

ffffdt = ^ (ff^p 8 q s — ^ff)dt (jiapgdqg — jffilt) (100—2) 


by (99—2), where we use dq 8 to indicate a differential taken along a 
path, either dynamical or varied, in contrast to bq 8 , which takes us 
from a point on a dynamical path to the corresponding point on a 
varied path. 

The success of our method depends upon our ability to express 

'£ip a dq s as the differential of some functon <S of qi, • * • q y and/ parame- 
8 

ters «i, • • • a/ which remain constant along a dynamical path but 
which we can vary to form the varied paths needed to make use of 
Hamilton’s principle. Now if 

S p*dq s — dS(q u • * • ?/> «1> «/) (100-3) 

8 

along a dynamical path, it follows that 

dS 

p. = T~, s = 1,1, ■••/, (100-4) 


and consequently S must satisfy the partial differential equation 

dS \ 

’ — > <7u ‘ ” <2/ ) 
dq/ / 


\oq 1 




(100-5) 


of the first order, in accord with (100-1). This is known as the 
Hamilton- J ac obi partial differential equation. Its complete solution 
contains / arbitrary constants of which one must be additive since S 
itself does not appear in the differential equation. Discarding the 
additive constant, we have, with the inclusion of ari, just the required 
number of parameters c*i, «2> ' ‘ ' a f- Incidentally, as 


* - / s**. -/ '?*. * 


(IOO-6) 
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from (ioo — 3) and (99-1), we observe that the function S is just the 
action defined by (98—5) . 

Let us suppose, then, that we have found the desired solution 
S(gi, ’ * * a i> ’ * ' a f) (100-5). For convenience in notation 
we shall put 

dS 

Qs = — , S = 1, 2, • • • /. (100-^7) 

doi$ 

Then, if we vary both the ^’s and the a’s, 

dS = 2 Zp s dq 3 + 2 Q 8 da 8 (100—8) 

8 8 


in general, the as being constants and therefore the da’s zero along 
a dynamical path, but not so along a varied path. 

Putting the value of Hlp 8 dq 8 obtained from (100-8) in (100—2) and 

replacing ^^by its equal a\, we have, for any path, 



— — f (2 Q 8 da 8 + a\dt) + f 
Ja 9 Ja 


dS 



+ a\)dt + Sb — Sa , 


where A and B are the termini of the path, as in article 98. 

Now we apply Hamilton’s principle (98—2). Since we are resrict- 
ing the varied paths to those which have the same p’s in addition to 
the same ^’s as the dynamical path at the two termini, it follows from 
(100—4) that the as are the same at the termini for the varied paths 
as for the dynamical path. Therefore 8 Sb — 8 Sa — o and Hamil- 
ton’s principle reduces to 

8 f ( — 2 Q 8 a 3 — a\)dt = o. 

J A 9 


Carrying out the variation, 


f { — 2 a s 5 { 2 s — — 8 a\\dt = o 

Ja 6 9 


(100-9) 
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as dt is unvaried. Now 

.B 


/*-D ^ 

QM*dt = — / — (£? s 5a s )<# + / 

Ja «* Ja 

B /* B 

= — [ Q s 8a s |^4 - / Q a 8a a dt 

*s A 


r B . 

f Q a 8a a dt 

Ja 


since 5 a* vanishes at both ends of the path. Moreover each <x a is 
a constant along the dynamical path over which we are integrating, 
and therefore each 6i a = o. So (100—9) becomes 

B 

{ (£?i “ + * * * ■+* Qf§<*f\dt = o. (100-10) 



As the variations 5 a], 5a2> • • • 5 a/ are independent, we may give 
them such signs that {Q\ — i) 5 «i, Q2^^2y ‘ * * QfS&f & re each positive 
everywhere along the path. Then (100—10) can be true only if 

Qi - u 

Qs == °> s ~ 3» * ' ’ f' 


Integrating these f equations and restoring the expressions for the 
Q's as derivatives of S in accord with (100—7) we h ave 


dS 


dai 


= t + di> 


as 

da* 



S = 2*, 3, • 



(100-11) 


where the j 3 ’s are constants in the time. As S’ is a function of <71, • • • <7/ 
as well as of • • • a/ we have herey relations between the coordinates 
and the time. Solving for the y’s we obtain 

q H = * • • otf, pi, • • • 0/, /), s — I, 2, • • •/. (100-12) 

These can be none other than the integrated equations of motion. We 
note that the equations ( 100- 1 1) for .r = 1 , 3, • • •/ do not contain t. 
Therefore they constitute the equations of the trajectory. 

The solution of the Hamilton-Jacobi differential equation is 
effected by separating the variables so as to resolve it intoy ordinary 
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differential equations. Therefore the success of the method developed 
in this article depends upon our ability to find coordinates in which 
the variables are separable. The parameters <22 > * * • «/ appear as 
constants of separation one being introduced by each of the f — 1 
separations. 

We note that if one of the coordinates, say q\, does not appear 
explicitly in the equation, we can always perform one separation of 
variables by solving (100—5) f° r dS/dqi. Then dS/dqi — <*2> a 
constant. Such a coordinate is called ignorable. In accord with 
(100—4) the momentum conjugate to an ignorable coordinate is a 
constant in the time. For example, in the case of a single particle 
subject to a central force, the azimuth 4 > does not appear explicitly in 
the Hamiltonian function. Consequently the conjugate momentum, 
which is the angular momentum about the axis around which <f> is 
measured, does not change with the time. 

1 01. Motion of a Particle in a Static Electromagnetic Field. — In 
this article we shall discuss, first in general, and then with reference to 
specific fields, the motion of a single particle of charge e and mass m 
in an external static electromagnetic field. 

(I) Rectangular Coordinates. Using rectangular coordinates at, y, z 
the function T v ' defined by (96—7) is 

27 = - >/» - ** +j £ + — • (101-1) 

C 


Evidently the mutual kinetic energy T m vanishes since only a single 
particle is present. In accord with (96—12) the magnetic energy is 


Th = - (s4q x x ~b A§ v y + AqzZ), 

c 

and in accord with (96—22) the potential energy is 


(101— 2) 


V — e& 0 . (101-3) 

Differentiating = T v ' + Th — V partially with respect to 
x we find for the conjugate momentum 

yyioc c € 

px = / 0 - H — Aq x — mtx H — (10 1—4) 

v 1 — p c 

where |8 2 == ( k 2 + y 2 + z 2 )/^ 2 as usual and m t is the transverse mass. 
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Similar expressions hold for p y and p z . Combining the three we get 


m 2 c 2 0 


e e 

2. - p -Ao H — o 
c c 


° 2 ) = 7 






— I 


I — 


in terms of p = ip x + jp v + kp z and A 0 = iA 0x + 3 A 0v + kA 0g . 
Consequently the kinetic energy is 


T v = 


me 


2 

-f— /•" 



e 

/ 1 + 2 2 

p A 0 

1 me 

c 


■\/ 1 — / 3 2 

This gives for the Hamiltonian function, + V , 

'sji + 


(101-5) 


me 2 


mV 


p A 0 

c 


+ 


(101-6) 


where Ao and $0 are functions of the coordinates. As the dynamical 
system is conservative, we can equate J^to a constant ol\ representing 
the total energy. Then, rearranging terms, 



H~ m 2 c 2 = o. (101— 7) 


Now Aqxi A{\„, Aqz> i^o are the four components of the four- 
vector potential W in accord with (93-12), and p x , p y , p z -> pi 33 i«iA 
are the components of the four-vector linear momentum of the 
particle. In terms of these four-dimensional vectors we can write 
(10 1— 7) in the more symmetrical form 

(p x - ~ f^v)' + ( p . - e - A) + ( p ‘- i c 

+ mV = o. (101-8) 


As an application of (101— 7) we shall investigate the motion 
of an ion in crossed uniform electric and magnetic fields Eo and Hq 7 
the first being parallel to the Y axis and the second to the Z axis. 
Then <h 0 = — /q>jy and for A 0 we can take any one of the three vector 
functions j/t o-v, and + », since the curl of each 

of them is ec[ual to *//<>. But, as 'I>o is a function of y, we choose 
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Aq = — iH 0 y so as to make possible the separation of variables in the 
Hamilton-Jacobi equation. Then (101— 7) becomes 


(px 4 — ~ y ^ + p y * 4- pi 


2 


foil eEo V 2 2 / \ 

( — 4 — ~ y) 4- rrrc 2 = o. (101— 9) 


Since x and z are ignorable coordinates, p x and p z are constants 
in the time. Therefore 


OS 

dx 

dS 

dz 


— px — 


= Pz = 


mx 


Vi - (3 2 

mz 

Vi — / 3 2 


eH 0 ot 2 


Oi 3 


(101-10) 


(101— 11) 


where ol 2 and a 3 are constants. Consequently we are left with 


dS 


Pv ~ 


my 


dy Vi — / 3 2 

— -V («! -b eE 0 y ) 2 — (« 2 4 - eH 0 y ) 2 — (w 2 c 4 + <*3 2 )- (101-ia) 


Hence the action is 




Oi 2 X 


4 ~ 




Oil -|- eEoyY — ( a 2 4- eHoyY — (m^c 4 + a 3 ) dy 4- <*32 

(101-13) 


The integrated equations of motion are obtained from this 
expression by differentiation in accord with (100— 11). We shall limit 
our further investigation to the determination of the projection of the 
trajectory on the XY plane. The equation of this projection is 
obtained by equating dS/ da 2 to a constant. Differentiating under 
the sign of integration we find 


X 4~ 02 



V (0:1 4- ~eEVY 


(a 2 4- eHpy)dy 

— (cx 2 4- eH Q y ) 2 — (m 2 c 4 + a 3 2 ) 


(101-14) 
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Put 7 = Eq/Ho, and, as the position of the origin is a matter of 
no importance, define new coordinates £ and ij by the relations 


% ~ x + v = y + 


Then 

where 

Jm 


0=2 

eH 0 


-f 


r)di) 


vCf + ~Bi] — Crj 2 


(ai - ya 2 ) 2 — a 3 2 — m V ^ _ <*1 — ya 2 „ 2 


(101-15) 


* 2 //o 2 


, B a 27 




, c - I - 7 2 . 


The integral (101-15) takes different forms according as C is 
positive or negative. The case of greatest interest is that where 
£0 < Hq and therefore C is positive. Then 


* =- 


V A “h Brj — C77 2 




B _.( B - 2C1) 

IcvT os IViT+'^c 


■) 


(lOI-l6) 


Let us introduce the parameter 6 by means of the relations 


B — iCt] . 2V C Vx Brj — C?] 2 

cos 6 — — 7 - ==== = , sin 9 — 7=—======= (101-18) 

V B 2 + 4 AC VB 2 + 4 AC 

In terms of this parameter (101-16) may be written 


_ r V 11 2 + 4 ac . 

VC{ = —e — sin e. (101-19) 

2G 2G 

This equation, together with the equation defining 9 , which can be 
written in the form 

R W + 4 AC „ 

V = 7 T cos 9 , (101-20) 


2C 


aC 


constitute the parametric equations of the projection of the trajectory 
on the XY plane. If, instead of plotting rj against £, we plot tj 
against y/ C£, the curve is a cycloid, which is curtate, common or 
prolate according as A is positive, zero or negative. 

This is shown very easily by comparing (101-T9) and (toi-20) 
with the parametric equations of the cycloid. Let 0 (Fig. no) be the 
center of a circle of radius a rolling along the X axis, and let P be 
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the point attached to the circle which generates the cycloid PPiQ. 
When the circle rolls through an angle 6 , 0 moves to Oi and P to P±. 


If OP = b y 


x — ad — b sin 0, 


y — a — b cos 8 . 

Therefore the radius of the rolling circle which generates the 
cycloid in - and 77 described by (101— 19) and (101—2,0) is B/aC 
and the distance of the point P from the center of the circle is 
\/~B 2 ~-\- ~\AC/ t iC. Since C — 1 — Eq 1 /Hq 2 , the actual projection of 

Y 


Q 


X 

Fig. 1 10. 



the trajectory in the rectangular coordinates £ and 77 is a cycloid whose 
£ dimensions have been stretched in the ratio 1 : 'v/ 1 — {u/c ) 2 , where 
u = cEo/Ho is the mean velocity of progression in the X direc- 
tion noted in article 66. 

Next consider the special case where Eq = o. Then B = o and 
C = 1. Consequently £ =— \/~A sin 6 and 77 = — '\/~A cos 0, 
giving the circle 


f 2 + V 2 


2 2 2 4 

ai — olz — me 


e 2 H o S 


(101-21) 


As a] 2 = m 2 c 4 /(i — ( 3 2 ) and as 2 = m 2 c 2 z 2 /(i 
the radius a of the circular path is 

• 2 1 *2 

x + y 


a 2 = 


(I - P 2 ) 


£ 

m 2 c 2 


f), the square of 


(101-22) 


in agreement with (66—14). 

Another case of interest is that in which Eq = Hq and therefore 
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C — o. It is convenient to shift the origin by the substitution 
77 = rj — A/B. Then (101—15) becomes 



(101-23) 


A typical trajectory for A positive is shown in Fig. in. This path 
corresponds to the curtate cycloid for 7 < 1, the electric field being 
too strong to permit the ion to make more than a single loop under the 
transverse force exerted by the magnetic field. If A = o the loop 



degenerates into a cusp, the trajectory being the analog of the common 
cycloid for 7 < 1, and if A is negative the curve is tangent to the X 
axis at the origin without any reversal in sense of the X component of 
velocity, as in the case of the prolate cycloid for 7 < 1. 

Finally, if B 2 + 4 AC — o, it follows from (101—20) that rj = B/O.C 
and from (101—12) that y ~ o. The projection of the trajectory 
on the XY plane is a straight line parallel to the X axis, the force due 
to the magnetic field being exactly equal and opposite to that due to 
the electric field. Both x and z are constants, and x/c — Eq/Hq. 

(II) Orthogonal Curvilinear Coordinates. Using the notation of 
article 19 we have for the square of the velocity of a particle in 
orthogonal curvilinear coordinates 


2-2 I 2*2 I 2*2 

a u u ~r a v v -r & w w 


(101-24) 
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from (19—13). 

T ' 

v 


Therefore 



and 


c 


(101-25) 

(101-26) 


the expression for the potential energy remaining as in (101— 3). Con- 
sequently 

TYl&i 1 ti _ £ ~ o • € . /• v 

= / = — r 1 &u^Ou = Wlt&u U H &u J &0'Uiy (IOI 2 ,yj 

Vi-j 3 2 f c 


and similar expressions hold for p v and p w . Hence 



and the kinetic energy is 
T v = 



(101-28) 


Equating the sum of the kinetic and potential energies to a con- 
stant ai, we obtain in place of (101— 7) 



+ m 2 c 2 = o. (101-29) 

We shall confine our attention here to a uniform magnetic field 
of intensity Ho and to an electric field which is symmetrical about an 
axis through the origin parallel to H 0 . Then one of the coordinates, 
say w, must be taken as the azimuth <f> measured about the axis of 
symmetry. For the vector potential we can take Aq = ^Ho X r, 
where r = ix + jy + kz , since 

V X (JH 0 X r) = §(V-rH 0 - H 0 Vr) = fH 0 - |H 0 = H 0 . 

If, then, p is the perpendicular distance of the particle from the axis 
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of symmetry, Aq u = Aq v = o, A^> — \Hqp 3 and a $ — p. Hence 
(101-29) becomes 



eH 0 V ( ai 

^ P ) “ \7 



+ nPc 2, 


— o. 

(101-30) 


(III) Spherical Coordinates . We continue to confine our attention 
to a uniform magnetic field and an axially symmetrical electric field. 
Then, taking the axis of spherical coordinates r, 0, <f> parallel to 
H 0 , a r — 1, a e — r, p = r sin 0 and (101-30) becomes 


2 + -W + 

r 


( 




r sin 0 2c 


P* 


r sin 


®) "ClV 0 ) + 


22 ^ 

me — o. 


(101-31) 


We shall investigate the motion of an electron subject to the 
attraction of a massive atomic nucleus located at the origin, the 
entire structure being placed in an external magnetic field H 0 . Then 



c 2 Z 

47rcr 


(101-32) 


where Z is the atomic number of the nucleus. In the cases of interest 
eHtf sin Ofic is so small compared with e<l>o/c that we are justified 
in neglecting its square. Then (101-31) reduces to 


P? + r 2 P ? + r 2 sin 2 g P * 


Since <f> is ignorable, 

dS 


eHo ( 


«I <' 2 Z V , 2 2 

_j J m 2 c 2 = o. 


d(j> 


— P<t> — r sin 0 


m 4 > 


+ 


471-cr. 


eH o' 




Vi - f ic 


(ioi-33) 


a 2 , (101-34) 


where 0:2 is a constant in the time. This statement, we may point 
out, is true even when we retain all the terms in the Hamiltonian 
function. 

We can separate the remaining variables in (101-33), obtaining 

dS _ _ mr 2 ‘d __ n 

de “ p ° \“ 3 ' _ ib 3 s’ 


( 101 - 35 ) 
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" Pr ~ Vi -T 2 

[a i 2 — »2 2 <r 4 + ’eH^oi^c (? 2 Za 

f + 9 


Consequently the action is 

s = f -\/^+7+pi ^ +y \ ‘ 


r £ + (- 

' r \i 


g 4 Z 2 

6x 2 r 2 




(101-36) 




+ «a0, (101-37) 

sim 0 


■where . „ 

ai 2 — m 2 c A + eH 0 OL 2 c D _ <? Z<*i ^ = g ^ _ ^2 

^ c 2 ’ 27 rc 2 i6tt^ 

We shall investigate the orbit. Equating the derivatives of S 
with respect to a 2 and 0:3 to constants, we have 

eHo f r dr _ ^ f de ^ + 4, = fl 2 . 

<ic J \/ C + Br + Ar 2 ./ sin 0 V o:3 2 sin 2 0 — <* 2 2 

(101-38) 

/ dr C sin 0 dd , N 

7 = + « 3 / 7 2 . 2fl i = (101-39) 

r VC + Ar + ^r 2 ^ V « 3 2 sin 2 0 — a 2 2 

Closed orbits occur when A and C are negative. We shall 
consider only such cases. Then, if we carry out the integration indi- 
cated, 


f V" C 4- Br + Ar 2 


( B + iAr \ j 

1 ^ 

— LUo 1 

iA V -A 

W - +jc'i 


( a 2 cot 0 \ , _ , N 

( — 7 • ~ = ) + </> = ^2> (101-40) 

Wa 3 2 - a 2 2 / 


2C + Ar N 

V-C \rVA 2 — 4 AC/ va 3 2 — a 2 " 

Consider equation (101-40) first, writing it in the more significant 
form 


+ cos 


_ t a 3 cos 0 


' 2 2 

#3 — «2 


= &3> (IOI-4I) 


„ a 3 2 — a 2 f j. 0 

cot 0 = cos \ 4 > — P2 

a 2 L 

f B /j 


V — 'V A 2 — 4^C 


A + lAr 




C+ Ar+^r 2 |~ 

^ J J 

(101-42) 
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Now the relation between 6 and cf> which defines a plane through 
the origin whose normal makes an angle 7 with the polar axis is 

cot 0 = tan 7 cos ( <j> — ( 3 '). (101-43) 

If0' as well as 7 is a constant this represents a fixed plane; if, however, 
/3' increases with the time, it represents a plane whose normal precesses 
around the polar axis in the positive sense while maintaining the 
constant angle 7 with this axis. Comparing (101-42) with (101-43) 
we see that the orbit lies in a plane whose normal makes the angle 


__l «2 

7 = cos — 

as 


(x 01-44) 


with the lines of magnetic force and precesses around them at such a 
rate that, when r goes through a cycle of values, ( 3 ' increases by 


A/3' 


eHo 2 ttJB 

2c iA V — A 


(101-45) 


That this precession is the Larmor precession discussed in article 
65 is easily shown. If we neglect |3 2 as compared with unity and omit 
the term in H 0 , we find, to a first approximation, that A = t imU , 
where U is the sum of the kinetic and potential energies on the 
Newtonian dynamics. Also B = me l Zl f iTc. Now, for motion under 
an inverse square force of attraction on the Newtonian dynamics, 1 
it is well known that U — — 6’ 2 Z/8 t ra, where a is the semi-major axis 
of the elliptical orbit. Substituting these values of A a nd i? in 
(101-45), and using the familiar expression P= lira'* 's/ ^771/ e 2 Z 
for the period, we find 



e _l[o p 
imc 


(101-46) 


agreeing exactly with (65-13) for the Larmor precession. 

Next we investigate the orbit of the electron in the precessing 
plane. If is the azimuth in this plane, measured from the line of 
intersection of the perpendicular plane through the origin parallel to 
the magnetic field, 

cos \f/ = sin 6 cos (</> — /3') cos 7 4* cos 6 sin 7 



cos d 


1 L. Page, Theoretical Physics^ 2nd Edit. p. 95. 


(101-47) 
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with the aid (101-43) and ( IOI_ 44)- Hence (101-41) becomes 

1 B V5 2 - ~^AC V~^C. 

- = — — H 77 cos — 7 — & — &j)* ( 101 - 48 ) 


iC 


iC 


Oi 3 


Now the equation of an ellipse of semi-major axis a and eccentricity 
6 in polar coordinates r and x> referred to a focus as origin, may be 
written 2 


1 

r 


1 — e cos (x — 5) 

<^(l — € 2 ) 


(IOI-49) 


Remembering that ^ and C are negative constants, while B is posi- 
tive, we observe that (101—48) is the equation of an ellipse of semi- 
major axis a — — B/nA and eccentricity e = V 1 — 4 ~ACj^ in the 
variables r and V-C|/a 3 . Therefore, when r goes through a 
cycle of values, the increase in is 

= 2,r V^c = 2 v V 1 - 77W (loI -^ o) 


As this increase is greater than 2,x, the orbit precesses in the plane 
in which it lies, as indicated in Fig. 112. This precession, which 



Fig. 11a. 


is entirely independent of the presence of the magnetic field, is due 
to the variation of mass with velocity. Had we solved the problem 

2 L. Page, Theoretical Physics, and Edit. p. 91. 
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on the basis of the Newtonian mechanics with constant mass, no such 
precession would have been found. 

102. The Magnetron. — This instrument consists of a straight 
filament of radius a coaxial with an evacuated cylindrical tube of 
much larger radius b , placed in a uniform magnetic field parallel 
to the common axis of the two cylinders. A current i through the 
filament raises it to a temperature high enough to produce emission of 
electrons which are driven toward the outer cylinder by a potential 
difference 3> 0 & = 3 >& — maintained between the two electrodes. 

Taking the common axis of the two cylinders as the Z coordinate 
axis, it is evident that cylindrical coordinates p, <£, z are indicated for 
the solution of the problem. We have two magnetic fields to con- 
sider; the uniform external field of vector potential J// 0 p4>i and 
the field due to the current along the Z axis of vector potential 
— { ( i/'iirc ) log p}k. Since the space charge due to the electrons be- 
tween the two electrodes is unknown, all we can say of the scalar 
potential 3> 0 is that it is a function of p only. Consequently (101-29) 
becomes 




Since both <f> and z are ignorable. 



+ m 2 c 2 = o. (102— 1) 


dS mp~cf> eH 0 2 

— = = 1 /- ===== + — P = « 2 

d<t> 1 — 


(102-2) 


dS mz 

dz V 1 — /a 2 


ei 


log p = a 3y 


(102-3) 


where a 2 and <23 are constants. Consequently 

dS mb 

— = P P = — 

dp 


vY- Y 




— m 2 c 2 . 
(102-4) 


As the external magnetic field is increased the ion paths become 
more curved until finally the electrons are unable to reach the outer 
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electrode. The condition for cut-off is that p — o for p = b. Then 

(t - ; **)' - + (? - f *)'+(-+ A *)'• <—*> 

The constants aj., a . 2 , 0:3 must be determined by the initial condi- 
tions. In actuality the electrons leave the filament with negligibly 
small velocities. Therefore = me 2 + a 2 = ( eHo/ic)a 2 , 

<23 = — {ei log a . Consequently the condition for cut- off becomes 


i^rnc — — rrPc 1 + 


e 2 H 


2 • 2 
<? * 


0 (£ 2 - * 2 ) 2 + -^ log 2 ~ 


(102,-6) 


4 c 2 }?^ 47r“c* " # 

The magnetic flux between the electrodes is N = ir(£ 2 — a 2 ) Ho. 
Hence, if we solve (102-6) for <J> 0 &, 


^ab 


-7 4-V 


I + 


2 4 

47 TC 


^(^ + ? ,og2 !)}- (ioa ^ 


Obviously this condition is independent of the presence of space 
charge. 

By measuring 3 > a &, N and i at cut-off the ratio of charge to mass 
of the electron can be determined from the formula 


e 

m 


l®ab 


3 >ab 


2 


1 (N 2 , **, 2 A 

4 .xV»L* + c 2 ° g J 


( 102 - 8 ) 


103. Cosmic Ray Trajectories. — In this article we shall investi- 
gate the motion of an ion in the field of a uniformly magnetized sphere 
at rest in the observer’s inertial system. This is essentially the prob- 
lem of the deflection of cosmic rays by the earth’s magnetic field. 
Unfortunately we cannot separate the variables completely, but we 
can carry the analysis far enough to obtain some interesting results. 

The vector potential was obtained in article 58. Using spherical 
coordinates r, 0, <t> with the polar axis along the magnetic axis of the 
sphere, we have 

* * * Ph sin 0 

Hq r Ho B Ho<f> 2 5 (103 l) 

4'7TT 

from (58-10), where pH is the magnetic moment of the sphere. 
Therefore (101—29) takes the form 

2 ( P<t> ep H s\nd \ 2 <*i 2 2 2 ( 


, 2 + 


Pe 


r 


+ 
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where the total energy oti consists solely of the kinetic energy 


me 


a 1 = 


A/ 1 — /3 2 


(103-3) 


As <f> is an ignorable variable, 


dS 

= sin* 0 


mr 2 cf> 


V i — 


+ 


epn \ 
4 vcr. 


— 012, 


(103-4) 


where a.2 is a constant in the time. If we put £ == r a/ a .^ 2 /c 2 
the Hamilton-Jacobi equation in the remaining variables is 


dS\ 

, 3 $) 


^ 3 S 


H : 


«2 


sin 2 e 




k 2 sin 2 0 

+ — p °> 


m 2 c 2 . 


(103-5) 


where £ ss ( epul^^c ) A / a 2 j c 2 — ni 2 c 2 . 

On account of the last term in (103—5) we cannot separate the 
variables. However, if we omit this term we can get a solution which 
is valid at distances from the sphere for which £ 2 y> k. Unfortunately 
this solution fails to describe the motion of cosmic rays approaching 
the earth at distances less than several hundred earth radii, since 
k /% 2 at the surface of the earth is of the order of magnitude of 30 even 
for rays with energies as high as (10) 10 electron-volts. 

Neglecting the last term in (103-5) we g et 



(103-6) 




The constants 012 and a% admit of a simple interpretation in terms 
of the motion at great distances from the sphere. From (103—4) it is 
clear that is the component 

P <t> = - 7 r 2 sin 2 00 

Vi - ( 3 2 

parallel to the polar axis of the mechanical angular momentum at 
infinity. Now the mechanical linear momentum at infinity is 


Pi 


7)1 

a/ 1 — l-i 2 


{ X\ r T* 0 ir 0 + sin 0 0} 
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and the mechanical angular momentum is 


P a = r X Pz = / mr ~- = % {-01?* sin 6 $ + fare}. 

Vl-|3 2 f; 

Hence the square of the total mechanical angular momentum is 

Pa 2 - { r2 ^ 2 + r2 sin2 d 4 >2 } 

^ p 

_ m 2 r 4 fl 2 a 2 2 
_ i — / 3 2 + sin 2 6 

Comparing with (103-6) we see that ce 3 = P a . 

From (103-4), (103-6) and (103-7) we find for the action 


S — Ol2<t> + 


las 2 - ^ \~ Q dQ + J V 1 “ ^ + 2 “pr^- ( io 3“ 8 ) 


Hence the equations of the orbit are 

r r 


*/' 
"“3 / 


k J ( 2 v^ 3 - a 3 2 012 J sin 9 V «3 2 sin 2 9 - a 2 2 * (103-9) 


+ «3 


£\/£ 2 - a 3 2 + 2 


/ 


sin 6 dS 


V o: 3 2 sin 2 0 — q-2 2 


“3 -r- € (103-10) 

where we have omitted the term in k in the integrand of the first 
integral in (103-9) since the entire integral is multiplied by the small 
quantity k. Carrying out the integration of (103-9) we g et 

cot e = v '° !3 — — cos («/. - fe + A yfi - ^ ) • (103-1 1) 

This equation is similar in form to (101-42), and signifies, as was 
shown in detail in article 101, that the orbit lies in a plane whose 
normal makes an angle cos -1 (ctz/cxz) with the polar axis. In this 
case the phase angle j 3 ' of (101-43) is 


0' = 02 - 


1 — 


(103-12) 


For positive k , j3' increases as the particle approaches the origin and 
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the normal to the orbital plane precesses in the positive sense about 
the polar axis, and vice versa as the particle recedes. 

The second integral in (103-10) was evaluated in article 101. 
Put J for the first. Then, making the substitutions £ = a^/x , 
k = /a 3 3 / «2, 

r r dx 

J — a 'J 7T: TZ~J V7 




£ "SJ £ 2 — « 3 2 + a 


k<X$ 

T 


— x 2 + ilx z 

dx 

V i — (x — lx 2 ) 2 

through terms in the first power of /. Continuing, 

d(x — lx 2 ) , , f d(x 2 ) 


■/ 


r d{x - !£) r d^2 

J V i — (x — Zv 2 ) 2 ./ a/ 1 — a; 2 

provided we omit terms in 1 in the integrand of the second integral. 
This is justified as the integral is already multiplied by 1 . Therefore 

/ = — cos -1 (x — lx 2 ) — l Vi — x 2 , 

and (103-10) leads to 


(!(■-&)] 


0:3 

f-2 


_L «« COS * _ A 

+ COS 7 = = = — P 3 


- 


(103-13) 




Now, if ^ is the azimuth measured in the orbital plane, we find, 
with the aid of (101-47), 


«3 

£ 


(* - 5=) = cos (* - * ~ 5 ~ t)' (io3_i4) 


To a first approximation 0:3/$ = cos (\f/ — / 3 3 ), the equation of a 
straight line. Using this relation to express the coefficients of k in 
(103-14) in terms of cos (^ — / 3 3 ), we obtain 

- = k + — cos (^ — 0 3 ) (103-15) 

£ «3 

for the equation of the orbit. This is the equation of a hyperbola 
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referred to one focus as origin. For positive £, which is all that is 
physically allowable, the equation represents the near branch of the 
hyperbola for positive k<x 2 and the far branch for negative k<x 2 . This 
is in accord with qualitative expectations. For, if pH and e are posi- 
tive, a particle approaching the sphere with a positive component of 
angular momentum about the magnetic axis is subject to a force 
( ejc)v X Ho tending to deflect it toward the sphere, whereas one pos- 
sessing a negative component of angular momentum is subject to a 
force tending to deflect it away from the sphere. 

From (103—15) we find for the nearest distance of approach of the 
ion to the center of the sphere 
k<X 2 

~3 


£ 0 




(103-16) 


for any given values of the constants ol 2 and 0 : 3 . The effect of the 
magnetic field is to diminish this distance when k<x 2 is positive, and to 
increase it when ka 2 is negative. For our approximation to be valid, 
it is evident that we must have | k/<x 3 2 | <$C 1 . 

Next we shall consider trajectories lying in the equatorial plane. 
In this case we can separate the variables in the Hamilton-Jacobi 
equation without making any approximation. As dS/dd vanishes 
and sin 0 = 1, (103—5) reduces to 


and the action is 


dS _ I / «2 k V 

^ 1 V S f) ’ 

S = oi 2 4 > + / *\j 1 ~ ~ d%. 


This gives for the equation of the orbit 

(«2£ — k)d% 


<t> 


- p2= f 


£ V ^ — (o: 2 $ — k ) 2 5 


or, in differential form, 

di £ V { 4 - (« 2 { - k ) 2 


d<j) 


Oi 2 £ — k 


(103-17) 

(103-18) 


(103-19) 


(103-20) 


We have three cases to consider, depending on the magnitude of 
<x 2 . Throughout we shall suppose the polar axis to be so directed as 
to make k positive. This involves no loss of generality. 
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Case I. The constant a 2 is positive. Put y = £/<*2j « = k/a 2 2 . 
Then (103-20) becomes 


dy 

d<f> 



(103-21) 


The zeros of the function f(y) =y 4 — ( jy — e) 2 appearing under the 
square root sig n are = |(— 1 — Vi + 4e),jy 2 = §(— 1 4-V" 1 4c), 

yz = §(1 — Vi — 4«), jy 4 = J(i + Vi — 4c) and the zero of the 
denominator is yo = e. Hence we can write (103—21) in the form 


dy 

d<f> 


y V(jy — yiM_y — y*)(y — yzKy ~ 

y - yo 


(103-22) 


As £ is essentially positive, only positive values of y have physical 
significance. The zero yi of/(jy) is negative, the zero y 2 is positive, 
and j3 and y 4 are positive or complex according as € < ^ or > J. 
Also /(o) = — e 2 and /(°° ) — 0° . So, if we plot f(y ) against y we get 


f(y) 



F10. 1 13. 


the curve shown in Fig. 113*3 if « < J- or that in Fig. 113^ if € > 
Since f(y) must be positive in order that dy/d<)> may be real, we have 
in the first case both the closed orbit extending between the libration 
limits y 2 and yz and the open orbit reaching from y 4 to 00. As 
y 2 < yo < yz the derivative d<t>/dy vanishes during the course of y 
from y 2 to yz and again during the return of y from jy3 tojy 2 . There- 
fore the closed orbit does not, in general, encircle the sphere until it 
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has made a number of loops. In the second, case only the open orbit 
extending from y 2 to oo exists. 

In connection with cosmic rays it is important to find the nearest 
distance to the sphere which can be attained by a particle of given 
energy a i coming from infinity. ^When e ^ 4 this nearest distance is 
given by £4 = ^ce 2 ~b ^ a/ 0:2 2 — 4L As d%±j da 2 is positive for all 
values of oc 2 , the smallest £4 occurs when a 2 2 has its minimum value 4k . 
Then, however, £ 3 and £4 coalesce, and the particle can proceed to the 
nearer distance given by £ 2 . So the nearest ap proach occurs for 

e > J, being given by £ 2 = — i a 2 ~b i V" a 2 2 +- \k. Since d% 2/ da 2 is 
negative for all values of a 2 , the smallest £2 corresponds to the greatest 
a 2} namely that for which a 2 — 4k. Then £2 = (a/^ ~ x ) a/^> or 
the nearest distance to the sphere which can be attained by a particle 


of velocity v is 


fiam 


= (a/2 - 1) 


'epH 


V7 




4 Trcmv 


(103-23) 


Next we shall integrate the equation (103-21) of the path. First 
consider the closed orbit extending from y 2 to j 3 for e < J. Making 
the substitution y = §(y 3 + J2) -b 2, (103-22) gives 


<t> — $2, — 



(z + d)dz 

(2+J) V(« 2 -2 2 )(f+2)(/- Z ) ’ 


— a ^ z ^ a , (103-24) 


where 

a = J(j3 — J2) = ~ ^ 1 + 4 € — Vi — 4« } , 

b — i( J3 +- J 2 ) = 1 + 4 e 4 e K 

^ = i(y3 -b J2) — Jo = i{ a/ 1 -4- 46 — a/ 1 — 4e} — €, 

* — i(j 3 + J2) — ji = i + i — i a/i — 46, 

J = J4 “ i(j3 “b J 2 ) — i ”b i V^i — 46 4 a/i -b 4 e - 


Evidently <? and / are of order unity, b of order c, a of order e 2 , 
and d of order e 3 . We shall carry the integration only through terms 
of order € 2 . As z is never greater than a in magnitude, we can con- 
sider it to be of order e 2 . Hence we can neglect z as compared with e 
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and / in the last two factors in the denominator, and express the 
factor z + b as a power series in z/b , obtaining 



(103-25) 


Therefore, when 2 runs through a cycle of values, the azimuth increases 
by the amount 


A <f> = 


1-jt 


of order e 2 . 


bVef 


If, for instance, € = 2/17 = 0.1176, th en A<fr = B.°3 and 
0 _ p 2 = 0.023 sin” 1 (672) — 8.65(1 — 4.122) "V^ 0.000222 — z 2 when 
2 is increasing with <j>. When 2 is decreasing the sign of the right-hand 
side must be changed and the constant /3 2 adjusted to make the curve 


o 

0 



Fio. 1 1 4. 


continuous. The same purpose is served by allowing the arc sine to 
increase continuously and changing the sign of the radical at each 
turning point of z. A few loops of the trajectory are drawn to scale 
in Fig. 1 14, where the sphere is at 0 and MN is the circle about which 
the ion oscillates at the same time that it revolves around the sphere. 
It should be noted that the curvature of the path increases as the ion 
comes into the more intense field nearer to the sphere. 
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Next consider the open orbit extending from y± to oo for e < 

As y 0 , y2 and yz in (103— 22) are of the order of e, we shall neglect them 
as compared with y± and y± which are of the order of unity. Then 
(103—22) gives 


where 




dy 

Vjy 2 + ~2b — ~g 2 * 


(103-27) 


b = i(V 7 TTe — Vi — 4€), 


g 2 = 5(1 ■+■ 1 4e)(l -f- ■%/ 1 — 4c). 


Evidently £ is of order e and g of order unity but slightly larger 
than j/4. Integrating (103-27) we find the trajectory to be the 
hyperbola 


1 

y 



cos g(<j> — p 2 ) 


(103-28) 


in y and g<j>, of eccentricity *>/ 1 + g 2 /£ 2 . 

We have investigated the trajectories for which e < J. Now let 
us consider the case e = Then jy3 = j4 = % and the curve in 
Fig. 1 13a touches the axis of abscissas tangentially without crossing it 
at this double zero. From (103-22) we have for the equation of that 
portion of the orbit along which y increases with <£, for values of y 
less than ■§, 


4 > — &2 — 


(y — i)dy 


•f y(y - 2) Vy* + y — i 
- */, v/+y~ I ~ 


dy 


( y “ i) Vy 2 ■+■ y 


1. 

4 


We can integrate this exactly, obtaining, 


(103-29) 


<i> — & 2 — COS 




+ 


V2 



- V* • (103-30) 


When y = y 2 = iC - 1 + V*)> 4 > — P2 = o, and, when jy = jy 3 = 

0 — j3 2 = 00 . 
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The portion of the orbit along which y decreases as <£ increases is 
given by (103-30) with the sign of the right-hand member changed. 
Evidently the ion spirals inward from the circle of radius given by y 3 
to the circle of radius given by yz, and then spirals outward to the 
first circle, which it approaches asymptotically but never surpasses. 

Similarly, for values of y greater than J, the portion of the orbit 
along which y decreases with 4 > is given by 


4 > — & 2 





+ V^[- (103-31) 


Here <f> — ■ / 3 2 is finite when y — 00 but increases without limit as y 
approaches |r. The ion, therefore, spirals in from infinity, its path 
approaching asymptotically the circle of radius given by jy 3 . 

This circular path of radius specified by y 3 is one in which the ion 
can remain indefinitely. In fact we can easily show from first princi- 
ples that it is a possible orbit. Since the magnetic intensity 


Ho 


pH 

a 1 - a 

4-7TT 


(103-32) 


is a function of r only, it follows at once from (66-12) and (66-14) 
that an ion can describe a circular orbit of radius 


m vc 




with angular velocity 


eH a Vi - /S 2 


* = - - 


cH 0 


V7 


me 




Substituting in (103—12) with sin 6 — 1 we find 

„ eHo ep H i k 

a 2 — — = 2 = 2 - 

£ 


(103-33) 


(103-34) 


(103—35) 


c 47rc r 

But, if we eliminate Hq between (103—32) and (103-33), we 

epu V 1 — 0 


2 


r 2 = 


47 rr 


01 1 2 2 

2~ “ m C 


mv 


(103-36) 
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and jTa 

Z = r \j-~ — m 2 c 2 = Vk. (103-37) 

Hence, from (103-35), a 2 — 2 and € ~ &/a2 2 = i- But this 
is just the case we were discussing. Furthermore, y = %/oi 2 — 
agreeing with the value found for the limiting circular orbit in our 
more general theory. 

Since /(jy) as plotted in Fig. 113# is positive both sides of the 
double zero = y± = J, the circular orbit is unstable. This is evi- 
dent at once from physical considerations, since, if the ion recedes 
ever so little from the sphere into the weaker portions of the field, the 
curvature of its path becomes less and it never returns to the circular 
orbit. On the other hand, if it approaches nearer to the sphere, 
thereby passing into a region of stronger magnetic intensity, the 
curvature of its path becomes greater and it departs farther from the 
circular orbit. 

We shall not investigate the open orbit existing when « > J 
further than we have already done in our preliminary analysis of the 
trajectory with positive a 2y but shall proceed to the next case. 


Case II. The constant a 2 is zero. In this case the ion has zero angular 
momentum at infinity, and therefore is headed directly for the center 
of the sphere. As is evident from (103—4), however, it acquires an 
angular velocity in the negative sense as it approaches the sphere on 
account of the force exerted by the magnetic field. 

We cannot use (103—21) since both y and e become infinite, but 
must resort to (103-20), which reduces to 


\ Vg 4 - k? 

d$~ k 


(103-38) 


when a 2 is made zero. The integral of this is 


« 3 


k 

sin 2(0 — /3 2 ) 9 


( io 3~39> 


which represents the equation of the orbit. Evidently £ = 00 when 
<f> “ == o and again when — (3 2 — ir/i, and has its smallest value 

' y/k when <j> — fi 2 = ir/4. This distance of nearest approach is not 
so small as that found previously for positive 0:2. 



COSMIC RAY TRAJECTORIES 


Soi 


Case III. The constant a 2 is negative. It will be convenient in this 
case to put jy e- £/a 2 * Then, in place of (103-121), we have, when 
£ increases with <j>, 


dy y Vjy 4 - (y + e) 2 
d<j> y H“ t 


(103-40) 


The zeros of the function f(y) = jy 4 — (y + c) 2 a re y 1 = 
|(-i - V 1 - 46),jy 2 = 2 (~ I + Vi 4 6 ))J3 = |( I - V 1 + 4 € )> 
jy 4 - 3(1 + Vi + 46). As € is essentially positive, y\ y y% and y$ are 



y 


negative or complex and therefore of no physical significance. 
As /(o) =— € 2 and /( 00) = 00 the curve obtained by plotting 
f(y) against y is as shown in Fig. 115 for positive values of y. 
The only trajectories possible are open orbits extending from y± 
to infinity. The dist ance of nearest approach to the sphere is given by 

£4 = i(-«2) + 2 a 2 ) 2 + 4^, which has its minimum value 's/k 

when -a 2 = 0. This is not so small, however, as the nearest dis- 
tance of approach for positive a 2 . 




INDEX 


Absorption, index of, 375 
Acceleration, 22 
— , relativity, 103 
Addition law of acceleration, 106 

— of distance, 89 

— of velocity, 94 

Babinet compensator, 400 
Boundary conditions, 156, 157, 219 
Brewster’s angle, 41 1 

Canonical equations, 473 
Charge, polarization, 213, 214 
Circuit, generalized theory of, 464 
Conducting medium, 246 
Conductivity, electric, 247, 254 
— , thermal, 254 

Continuity, equation of, 28, 213, 444 
Contraction, Fitzgerald-Lorentz, 97 
Conversion table, xii 
Coordinates, curvilinear, 45 
— , generalized, 457 
Cosmic ray, trajectory of, 490 
Crossed fields, 138, 241, 245 
Crystal, oblate, 399 
— , prolate, 398 
Curie’s law, 236 
Curl, 29, 48, 441 
Current, Amp^rian, 213 

— in closed circuit, 227, 464 

Decrement, logarithmic, 344, 359 
Diamagnetism, 213, 236 
Dichroism, 408 
Dielectric, 220 

— constant, 222 

Differentiation of retarded quantity, 144 

— of vector, 21 
Dipole, electric, 212 
Dispersion, 376, 379 
Divergence, 27, 47, 440 
Dyad, 63 


Dyadic, 62 

— , conjugate, 66 

— , normal form of, 68 

— , normal form of skew-symmetric, 
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— , normal form of symmetric, 69 
— , principal axes of, 70 
— , reciprocal, 76 
— , skew-symmetric, 63 
— , symmetric, 63 
— , unit, 74 
— , vector of, 66 

Electric displacement, 217 
Electric intensity, 130 
— , simultaneous expansion of, 175 
Electric moment, 187 
Electromagnetic equations, 154, 186, 444 
— , generalization of, 160, 21 1 
— in material medium, 217 
Electromagnetism, emission theory of, 129 
Electromotive force, 34, 43 
— , motional, 140 
Electron, Lorentz, 176 
— , equation of motion of, 179, 204, 205, 
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— , spinning, 1 86, 192 
Electrostriction, 291 
Energy, acceleration, 184 
— , conservation of, 263, 463 
— , electric, 263 
— , equation of, 104, 262 
— , kinetic, 104, 184, 265, 458 
— , magnetic, 263, 459 
— , mutual, 459 
— , potential, 104, 264, 461 
Equivalence, 81 
Ettinghausen effect, 256 

Faraday effect, 404 
Ferromagnetism, 213 
Field, equations of electromagnetic, 154, 
160, 217, 444 
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Field, electromagnetic, 129 

— of point charge, 144, 161, 162, 166 

— , scalar, 15 

— , vector, 17 

Flux, electric, 38 

— , magnetic, 38 

Force, lines of, 129 

— , tubes of, 129 

Force equation, 185 

— , generalization of, 210 

Four- vector, 431 

Fresnel wave-surface, 392 

— rhomb, 41 5 

Gauss* theorem, 35 
Gradient, 25, 46 
Green’s theorem, 38 
Gyromagnetic ratio, 208 

Hall effect, 255 
Hamiltonian function, 473 
Hamilton- Jacobi equation, 475 
Hamilton’s principle, 471 

Inertial system, 120 
Integral, line, 32 
— , loop, 33 
— , surface, 34 
Integration of vector, 24 
Intensity, electric, 130 
— , magnetic, 135 

— of magnetization, 216 
Interval, space- time, 98, 118 
Invariant, 1 5 

— ofLorentz transformation, 138 
Ion in crossed fields, 241, 245 

— in electric field, 239 

— in electromagnetic field, 478 

— in magnetic field, 240 

Joule heat, 268 
Kinetic reaction, 179 

Lagrange’s equations, 461 

— expansion, 171 
Lagrangian function, 461 
Laplace’s equation, 60 


Larmor precession, 237 
Least action, 472 

Light, electromagnetic theory of, 370 

— in anisotropic dielectric, 389 

— in isotropic medium, 372 
Light-signal, 79 

IVIagnet in permeable medium, 293 

— , rotating, 295 

Magnetic force, 217 

Magnetic induction, 217 

Magnetic intensity, 135 

— , simultaneous expansion of, 175 

Magnetic medium, 233 

Magnetic moment, 188 

Magnetomotive force, 43 

Magnetron, 489 

Mass, longitudinal, 181 

— , mutual, 183 

— reaction, 185 

— , rest, 180 

— , transverse, 181 

Momentum, electromagnetic, 271, 276, 
290, 452 

— , linear, 182, 456 

Motion, accelerated, 104, 126 

— , uniform, 91, m 

Moving medium, 256 

Moving-element, 79 

Mutual inductance, calculation of, 465 

Nernst effect, 256 
Nicol prism, 400 

Operator, d’Alembertian, 441 
— , “del,” 26 
— , Laplacian, 31, 48 
— , “lor,” 440 
— , potential, 48 
Optic axis, primary, 394 
— , secondary, 395 
Oscillations of sphere, 341, 347 

— of spheroid, 349, 360 

Paramagnetism, 213 
Particle-observer, 79 
— , equivalent, 82 
Permeability, 235 
Permittivity, 222 
Poisson’s equation, 59 

— theorem, 53 
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Polarization, 213 

Polarizing angle, 4 11 

Position, effective, 144 

Potential, difference of, 34 

— , kinetic, 461 

— , magnetic, 236 

— , scalar, 149, 150, 446 

— , simultaneous expansion of, 173 

— , vector, 1 49, 150, 446 

Poynting flux, 263, 452 

Precession, Larmor, 237 

— , relativity, 124 

Product, dyadic, 75 

— , scalar, 7, 437 

— , triple scalar, 8 

— , triple vector, 10 

— , vector, 5, 428 

Proper functions, scalar, 15 

— , vector, 1 8 

Quarter-wave plate, 399 

Radiation field, 144, 326 

— from group of charges, 329 

— from point charge, 326 

— from spinning charge, 333 

— pressure, 300 

— reaction, 185 

— resistance, 349. 3 6 7 
Ray, extraordinary, 398 
— , ordinary, 398 
Reference system, 84 
— , one-dimensional, 86 
— , three-dimensional, 109 
Reflecting power, 41 1 
Reflection, coefficient of, 409 
— , metallic, 41 5, 4 *9 

— , total internal, 412 
Refraction, conical, 396, 397 
— , index of, 375, 399 
Relativity, principle of, 85 
— , restricted, 127 
Resistance, high-frequency, 325 
— , radiation, 349, 367 
Retarded field, 1 50 
— of point charge, 144 
Righi-Lcduc effect, 256 
Rotation, 29 

Scalar, 1 

Scalar function, proper, 15 


Scattering, 380 

Self-inductance, calculation of, 466 
— , high-frequency, 324 
Shell, magnetic, 229 

Simultaneous field of point charge at 
rest, 1 61 

— with constant acceleration, 166 

— with constant velocity, 162 
Six- vector, 431 

Specific heat of electricity, 254 
Stokes’ theorem, 39 
Stress, electromagnetic, 270, 286 
Susceptibility, electric, 222 
— , magnetic, 234 

Tensor, 62, 449 

— , stress-energy-momentum, 451 
Thomson coefficient, 254 
Time, corresponding, 81 
— , extended, 80 
— , local, 79 

Transformation, Lorentz space-time, 96, 
1 17 

— of acceleration, 102, 121 

— of electric intensity, 136, 137 

— of magnetic intensity, 137 

— of velocity, 102, 119 
Transmission, coefficient of, 409 
Trouton-Noble experiment, 276 

TJnit dyadic, 74 

— vector, 2 
Units, xii 

Vector, 1 

— addition and subtraction, 2 
— , biplanar, 430 

— components, 3, 427 
— , differentiation of, 21 
- — , integration of, 24 
— , irrotational, 31 

— , solenoidal, 31 
— , surface, 4 

• — , transformation of, 12, 431 
■ — uniplanar, 430 
— , unit, 2 

Vector analysis, three-dimensional, 1 
— , four-dimensional, 426 
Vector function, linear, 63 
— , proper, 1 8 
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Vector function, resolution of, 61 
Vectormotive force, 43 
Velocity, 22 
— , relative, 83 

Wave, axially symmetric, 337 
— , circularly polarized, 403, 406 
— , electromagnetic, 297 
— , elliptically polarized, 413, 416, 4 ! 9 
— , guided by conductor, 304, 315 
— in magnetic medium, 400 


Wave in optically active medium, 404 
— , limited, 383 
— , plane, 299 . 

— , plane polarized, 306 

— , reflection and transmission of, 408 

— , spherical, 301 

Wave- slowness, 300 

Wiedemann and Franz* law, 254 

World-line, 81 

Zeeman effect, 423 




